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Preface

This book presents a series of research and expository articles under the broad
banner of Analytic Number Theory. Written by eminent mathematicians from the
international mathematical community, the chapters in this book are dedicated
to the 60th birthday of Professor Helmut Maier. His own research has been
groundbreaking and deeply influential, especially in the problem of gaps between
consecutive primes.

Helmut Maier was born in Geislingen/Steige, Germany, on October 17, 1953.
He graduated with a Diploma in Mathematics from the University of Ulm in 1976,
under the supervision of Professor H.E. Richert. After a period as a scientific
employee at the University of Ulm, he started his doctoral studies at the University
of Minnesota in 1979. He received his Ph.D. in 1981 with the thesis entitled
Some results on prime numbers based on the application of sieve theory, under the
supervision of Professor J. Ian Richards. The thesis was an extension of his paper
Chains of large gaps between consecutive primes, which appeared in Advances in
Mathematics, 39 (1981), 257-269. In this paper, Maier applied for the first time
what is now called Maier’s Matrix Method. This method later on led him and
other mathematicians to the discovery of unexpected irregularities in the distribution
of prime numbers. The Matrix Method was also applied to other questions like
irreducible polynomials and consecutive primes in the same residue class modulo
an integer.

After postdoctoral positions at the University of Michigan and the Institute for
Advanced Study, Princeton, Maier then took a permanent position at the University
of Georgia. During this period, he showed that the usual formulation of the Cramér
model for the distribution of primes is wrong, a completely unexpected result. With
C. Pomerance, he did research on the values of Euler’s ¢-function and large gaps
between primes. One theme in this period was Professor Maier’s work on the size of
the coefficients of cyclotomic polynomials, done partially in collaboration with S.
Konyagin and E. Wirsing. He also collaborated with H.L. Montgomery on the size of
the sum of the Mobius function under the assumption of the Riemann Hypothesis.
Maier and G. Tenenbaum in joint work investigated the sequence of divisors of
integers, solving the famous propinquity problem of Erdés.



vi Preface

Since 1993, Maier is a Professor at the University of Ulm, Germany. Lately,
M.Th. Rassias and Maier worked on problems related to the Estermann zeta
function and the Nyman—Beurling criterion on the Riemann Hypothesis involving
the distribution of certain cotangent sums. In their latest work, they studied prime
avoidance of perfect powers of prime numbers.

Other collaborators of Professor Maier include P. Erdss, J. Friedlander,
A. Granville, D. Haase, A.J. Hildebrand, M.L. Lapidus, J.W. Neuberger,
A. Sankaranarayanan, A. Sarkozy, and C.L. Stewart.

We are grateful to all of the mathematicians who participated in this publication.

We also wish to express our thanks to Springer for undertaking the publication
of this book.

Hanover, NH, USA Carl Pomerance
Princeton, NJ, USA Michael Th. Rassias
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CM-Points on Straight Lines

Bill Allombert, Yuri Bilu, and Amalia Pizarro-Madariaga

To Helmut Maier on his 60th anniversary

Abstract We prove that, with “obvious” exceptions, a CM-point (j(t;),j(72))
cannot belong to a straight line in C? defined over Q. This generalizes a result of
Kiihne, who proved this for the line x; + x, = 1.

1 Introduction

In this article T with or without indices denotes a quadratic' complex number with
Imt > 0 and j denotes the j-invariant.

In 1998 André [1] proved that a non-special irreducible plane curve in C?> may
have only finitely many CM-points. Here a plane curve is a curve defined by
an irreducible polynomial equation F(x;,x;) = 0, where F is a polynomial with
complex coefficients. A CM-point in C? is a point of the form (j(t;),j(t2)) with
quadratic 11, 7. Special curves are the curves of the following types:

1“Quadratic” here and below means “of degree 2 over Q ”.
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e “vertical lines” x; = j(1;);

¢ “horizontal lines” x; = j(1);

e modular curves Yy(N), realized as the plane curves @y (x|, x;) = 0, where @y is
the modular polynomial of level V.

Clearly, each special curve contains infinitely many CM-points, and André
proved that special curves are characterized by this property.

André’s result was the first non-trivial contribution to the celebrated André-
Oort conjecture on the special subvarieties of Shimura varieties; see [11] and the
references therein.

Independently of André the same result was also obtained by Edixhoven [7], but
Edixhoven had to assume the Generalized Riemann Hypothesis for certain L-series
to be true.

Further proof followed; we mention specially the remarkable argument of Pi-
la [10]. It is based on an idea of Pila and Zannier [12] and readily extends to higher
dimensions [11].

The arguments mentioned above were non-effective, because they used the
Siegel-Brauer lower bound for the class number. Breuer [5] gave an effective proof,
but it depended on GRH.

Recently Kiihne [8, 9] and, independently, Bilu et al. [3] found unconditional
effective proofs of André’s theorem. Besides giving general results, both articles [9]
and [3] treat also some particular curves, showing they have no CM-points at all.
For instance, Kiihne [9, Theorem 5] proves the following.

Theorem 1.1. The straight line x| + x, = 1 has no CM-points.

(The same result was also independently obtained in an earlier version of [3], but
did not appear in the final version.)

A similar result for the curve x;x, = 1 was obtained in [3].

One can ask about CM-points on general straight lines defined over Q; that is,
defined by an equation

Axy +Azxs + B =0, (D

where A1, A;, B € Q. One has to exclude from consideration the special straight
lines: x; = j(t1), x» = j(72) and x; = x,, the latter being nothing else than the
modular curve Yy(1) (the modular polynomial @; is x; —x;). According to the
theorem of André, these are the only straight lines containing infinitely many CM-
points.

In the present paper we obtain a rather vast generalization of Theorem 1.1.

Theorem 1.2. Let (j(t1),j(t2)) be a CM-point belonging to a non-special straight
line defined over Q. Then we have one of the following options. Either

Jj(11).j(r2) € Q, 2)
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or

J@) #j(@).  QG() = Q((). [Q(z) : Q = [Q((w)) : Q] = 2.
(€)

Remark 1.3. 1. Recall that [Q(j(z) : Q] = h(O,), the class number of the “com-
plex multiplication order” &; = End(z, 1), where (z, 1) is the lattice generated
by t and 1. All orders of class number 1 and 2 are well known, which means
that points satisfying (2) or (3) can be easily listed. In fact, there are 169 CM-
points satisfying (2) and, up to Q-conjugacy, 217 CM-points satisfying (3); see
Remark 5.3 for the details.

2. Our result is best possible because any point satisfying (2) or (3) does belong to
a non-special straight line defined over Q.

3. Kiihne remarks on page 5 of his article [9] that his Theorem 4 allows one, in
principle, to list all possible CM-points belonging to non-special straight lines
over Q, but the implied calculation does not seem to be feasible.

4. Bajolet [2] produced a software package for finding all CM-points on a given
straight line. He illustrated its efficiency by proving that no straight line (1) with
non-zero Ay, A, B € Z satistying |A4|, |Az]|, |B| < 10 passes through a CM-point.
This work is now formally obsolete because of our Theorem 1.2, but a similar
method can be used in more general situations, where our theorem no longer
applies.

5. CM-points (x1,x,) satisfying x;x, € Q™ are completely classified in [4]; this
generalizes the above-mentioned result from [3] about the curve x;x, = 1.

In Sects.2 and 3 we recall basic facts about imaginary quadratic orders, class
groups, ring class fields and complex multiplications.

In Sect. 4 we investigate the field equality Q(j(z;)) = Q(j(r2)). In particular, in
Corollary 4.2 we determine all cases of such equality when Q(z;) # Q(z2). This
might be of independent interest.

After all these preparations, we prove Theorem 1.2 in Sect. 5.

2 Imaginary Quadratic Orders

In this section we recall basic facts about imaginary quadratic fields and their orders,
and recall a famous result of Weinberger about class groups annihilated by 2.

2.1 Class Groups

Let K be an imaginary quadratic field and & an order in K of discriminant
A = Df 2 where D is the discriminant of the field K (often called the fundamental
discriminant) and f is the conductor of &, defined from & = Z + f k. We denote
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by CI(©0) the class group of & (the group of invertible fractional ideals modulo the
invertible principal fractional ideals). As usual, we set h(&) = |CI(0)|. Since O is
uniquely determined by its discriminant A, we may also write C1(A), h(A), etc. In
particular, CI(D) = Cl(O%) is the class group of the field K, and i(D) is the class
number of K.

There is a canonical exact sequence

1 — Cly(4) — CI(A) — CI(D) — 1, @)

where the kernel Cly(A) will be described below. This implies, in particular, that
h(D) | h(A).

The structure of the group Cly(A) is described, for instance, in [6], Sect. 7.D and
Exercise 7.30. We briefly reproduce this description here. We will assume, with a
slight abuse of notation, that Z/fZ is a subring of Ok /f Ux. Then we have another
canonical exact sequence

1 = (Z/fZ)"(Og)s = (Ok/fOx)* — Clp(4) — 1, ©)

where (OF)y is the image of the multiplicative group &% in (Ok/f Ok).
The group (Z/fZ)* (0% )y is “not much bigger” than (Z/f7Z). Precisely,

2 ifD=—4f>1,
(Z/fZ)*(O%)s : (Z/f2)"] = [Og : 6] =43 ifD=-3,f>1,

1 otherwise.

An easy consequence is the following formula for 4(A):
Jh(D) D\ _,
hA) = ——— 11— — , 6
(4) [ﬁ?:ﬁx]l_v[ L ©)
p

where (D/-) is the Kronecker symbol.

2.2 Orders with Class Groups Annihilated by 2

In this subsection we recall the famous result of Weinberger about imaginary
quadratic orders whose class group is annihilated by 2. For a multiplicatively written
abelian group G we denote by G2 its subgroup of squares: G> = {g> : g € G}.

The group CI(A)/CI(A)? is usually called the genus group of A. It is known to
be isomorphic to (Z/2Z)*, where © = u(A) € {w(A) — 1,w(A)} and w(-) denote
the number of distinct prime divisors. We may also remark that ©(A) = w(4) — 1
when A = D (and f = 1).
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Already Euler studied discriminants A with the property
C1(4)*] = 1. )

or, equivalently, Cl(A) = (Z/2Z)*. (Of course, he used a different terminology.)
Chowla proved that the set of such A is finite. Using a deep result of Tatuzawa [13]
about Siegel’s zero, Weinberger [16] improved on this, by showing that field dis-
criminants D with this property are bounded explicitly with at most one exception.
To state Weinberger’s result precisely, denote by D’ the square-free part of D:

o D, D =1mod4,

~ |D/4, D=0mod 4.

Proposition 2.1 (Weinberger [16], Theorem 1). There exists a negative inte-
ger D* such that for any discriminant D of an imaginary quadratic field the property
|CI(D)?| = 1 implies |D'| < 5460 or D = D*.

Using existing methods [15], it is easy to determine the full list of D with
|CI(D)?| = 1 and |D’| < 5674. Since the group CI(D) is a quotient of the group
CI(Df?), if the latter has property (7) then the former does. Also, for every given D
it is easy to find all possible f such that |C1(Df?)?| = 1, using the description of the
group C1(Df?) given in Sect. 2.1. Hence the couples (D, f) for which |[CI(Df?)?| = 1
and |D'| < 5674 can be easily listed as well. This list is widely available in the
literature since long ago; we reproduce it in Table 1.

It follows that Weinberger’s result has the following consequence.

Corollary 2.2. There exists a negative integer D* such that |CI(Df*)?| = 1 implies
that either A = Df? appears in Table 1 or D = D*.

Table 1 Known A with |Cl(A)?] =1

h(A)=1|—-3,—3-22,—3-32, —4, —4.22 —7,—7-2%,—8,—11,—19, —43,—67,—163

h(A)=2|—-3-42—3.52,—3.72 —4-3%, —4-4> —4-52 —7-4> —8.22, —8-3% —11-32,
—15,—15-2%,—20, —24, —35,—40, —51,—52, —88, —91, —115, —123, —148,
—187,—232,—235, =267, —403, —427

h(A) > 4| —3-82,—7-82,—8-62,—15-4%,—15- 8%, —20- 32, —24 - 22, —35- 32, —40 - 22,
—84,—88-22,—120,—120- 22, —132,—168, —168 - 22, —195, —228, —232 - 22,
—280, —280 - 22, =312, —312 - 22, —340, —372, —408, —408 - 22, —420, —435,
—483, —520, —520 - 22, —532, —555, —595, —627, —660, —708, —715,
—760, —760 - 22, —795, —840, —840 - 22, —1012, —1092, —1155, —1320, —1320 - 22,
—1380, —1428, —1435, —1540, —1848, —1848 - 22, —1995, —3003, —3315, —5460
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Remark 2.3. Class numbers of discriminants from Table 1 are at most 16, and the
results of [15] imply that Table 1 contains all A with |CI(A)?| = 1 and h(A) < 64.
Hence if A satisfies |C1(A)?| = 1 but does not appear in Table 1 then we must have
h(A) > 128.

In particular, the first two lines of Table 1 give full lists of negative quadratic
discriminants A with 2(A) = 1 and 2.

3 Ring Class Fields and Complex Multiplication

Let K be an imaginary quadratic field, and ¢ an order in K of discriminant A = Df?.
One associates with ¢ an abelian extension of K with Galois group Cl(&), called the
ring class field of &. We will denote it by RiCF(&), or RiCF(A), or RiCF(K, f).
The canonical isomorphism ClI(&) — Gal(RiCF(&)/K) is called the Artin map.
For the details see, for instance, [6, Sect. 9].

The correspondence & <> RiCF(&) is functorial in the following sense: if £” is a
sub-order of &, then RiCF(&”) C RiCF(0), and we have the commutative diagram

Cl(0) — Gal(RiCF(0)/K)

| )
Cl(¢") — Gal(RiCF(¢")/K)

where the horizontal arrows denote Artin maps and the vertical arrows are the
natural maps of the class groups and the Galois groups. It follows that the Galois
group of RiCF(&) over RiCF(&”) is isomorphic to the kernel of C1(&)) — CI(&”).
In particular, Gal(RiCF (&) /RiCF(0%k)) is Cly(A), the group introduced in Sect. 2.1.
(One may notice that RiCF(OY) is nothing else but the Hilbert class field of K.)

3.1 Compositum of Ring Class Fields

In this subsection it will be more convenient to use the “conductor notation”
RiCF(K,f).

As we have seen above, if f | f then RiCF(K, f}) C RiCF(K,f). It follows that
the compositum of two ring class fields RiCF(K, fi) and RiCF(K,f,) is a subfield
of RiCF(K, f), where f = LCM(f1, f»). It turns out that this compositum is “almost
always” equal to RiCF(K,f), but there are some exceptions. Here is the precise
statement. It is certainly known, but we did not find it in the available literature.

Proposition 3.1. Let K be an imaginary quadratic field of discriminant D and f1, f>
positive integers. Set f = LCM(f1, f>). Then we have the following.
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1. If D # —3,—4 then RiCF(K, f1)RiCF(K, f2) = RiCF(K,f).

2. Assume that D € {—3 — 4}. Then RiCF(K, f;)RiCF(K, f,) = RiCF(K,f) either
when one of fi,f» is 1 or when gcd(fi,f2) > 1. On the contrary, when
f1.o > 1 and ged(f,f2) = 1, the compositum RiICFE(K, fi)RiICF(K, f5) is a sub-
field of RiICF(K, f) of degree 2 for D = —4 and of degree 3 for D = —3.

Proof (A Sketch). To simplify the notation, we set

Lo = RiCF(K, 1), L, = RiCF(K. f,), L, = RiCF(K. f»),
L = RiCF(K.f). L =LL,.

The mutual position of these fields is illustrated here:
Ly

Ly— L —L;

N TS
L

We want to determine the degree [L : L'].
We have Gal(L/Ly) = Clo(Df?). By (5), this implies

Gal(L/Ly) = (Ok/f Ox)* [ (Z/fLZ)" (OF)y.
Similarly,
Gal(Li/Lo) = (Ok/fi0x)" |(Z/FL)(O%),  (i=1.2).
The Galois group Gal(L/L;) is the kernel of the natural map
(Ok/FOR)* [ (LJFLY(GF)r = (O [f:06) [ (TIFLY (67

Hence Gal(L/L’) is the common kernel of the maps 7 and m,. It follows that
Gal(L/L') = G/(Z/fZ)*(OF)s, where G is the subgroup of (Ok/f Og)™ consisting
of x € (Ok/fOk)™ satisfying

X € (Z/fL)(Og)f mod fi  (i=1.2). ®)

In particular, [L : L'] = [G : (Z/fZ)*(OF)/].
If D # -3, —4 then 07 = {%1}, which implies that

G = (Z/f2)(O%)y = (Z/fL)*

and L = L'.
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Now assume that D = —4. Then O = {1, £+ —1}. Whenfi =1lorf, =1
the statement is trivial, so we may assume that fj,f, > 1. Condition (8) can be re-
written as

X € LI LU L/ LN =1 (LI D)f + LI DHEN =) U (Z/ D)+ @I DfHiV=1). (9

If ged(f1,f>) > 1, then the last two sets in (9) have no common elements with
(Ok/f Ok)*. We obtain

G = (Z/fZU (LI T)N=1) N (Ok [ Ox)* = (ZIFL)(OF)y,

andL = L.

If ged(fi,f2) = 1, then each of the last two sets in (9) has elements belonging
to (O /f Ok)™ but not to (Z/fZ)(O% )s; for instance, fi + fo/—1 and fo + fiv/—1,
respectively (here we use the assumption fi,f> > 1). Hence [G : (Z/fZ)(OF)] > 1.
On the other hand, if x and y belong to the last two sets in (9), then xy € Z/fZ if
they belong to the same set, and xy € (Z/fZ)~/—1 if they belong to distinct sets.
This shows that [G : (Z/fZ)(0F )] = 2, and hence [L : L'] = 2. This completes the
proof in the case D = —4.

The case D = —3 is treated similarly. We omit the details. O

3.2 Complex Multiplication

Ring class fields are closely related to the Complex Multiplication. Let ¢ € K with
Imt > 0 be such that & = End(z, 1) (where (z, 1) is the lattice generated by t
and 1); one says that & is the complex multiplication order of the lattice (z, 1).

The “Main Theorem of Complex Multiplication” asserts that j(r) is an
algebraic integer generating over K the ring class field RiCF(&). In particular,
[K(j(7)) : K] = h(0). In fact, one has more:

[K((2) : K] = [QG(7)) : Q] = h(D). (10)

The proofs can be found in many sources; see, for instance, [6, Sect. 11].

Since RiCF(A) = K(j(7)) is a Galois extension of K, it contains, by (10), all
the Q-conjugates of j(t). It follows that K(j(t)) is Galois over Q; in particular, the
Galois group Gal(K/Q) acts on Gal(K(j(7))/K).

Proposition 3.2. The Galois group Gal(K/Q) acts on Gal(K(j(t))/K) “dihe-
drally”: if 1 is the non-trivial element of Gal(K/Q), then we have o = o~ for
any o € Gal(K(j(1))/K).

For a proof see, for instance, [6, Lemma 9.3].
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Corollary 3.3. The following properties are equivalent.

1. The field K(j(7)) is abelian over Q.

2. The Galois group Gal(K(j(t))/K) is annihilated by 2 (that is, isomorphic to
Z)27 % -+ X 1] 27).

3. The Galois group Gal(K(j(t))/Q) is annihilated by 2.

4. The field Q(j(v)) is Galois over Q.

5. The field Q(j(v)) is abelian over Q.

Proof. The implications 1=2=>3 follow from Proposition 3.2. The implica-
tion 3=4 is trivial. To see the implication 4=5, just observe that (10) implies
the isomorphism Gal(K (j(1))/K) =~ Gal(Q(j(r))/Q). Finally, the implication 5=>1
is again trivial. O

3.3 The Conjugates of j(t)

Let 7 and & be as in Sect. 3.2, and let A be the discriminant of &. As we already
mentioned in the beginning of Sect. 3.2, j(t) is an algebraic integer of degree h(A).
It is well known that the Q-conjugates of j(7) can be described explicitly. Below we
briefly recall this description.

Denote by T = T4 the set of triples of integers (a, b, ¢) such that

ged(a,b,c) =1, A =b*—dac,

either —a<b<a<c or 0<b<a=c

Proposition 3.4. All Q-conjugates of j(t) are given by

j(#), (a.b,c) € Ta. (11)

In particular, h(A) = |Ta.

For a proof, see, for instance, [6, Theorem 7.7].
The following observation will be crucial: in the set T4 there exists exactly one
triple (a, b, ¢) with a = 1. This triple can be given explicitly: it is

(1750, 25 =2).
4

where r4(A) € {0, 1} is defined by A = r4(A) mod 4. The corresponding number

j(r), where T = (—r4(A) 4+ +/A)/2, will be called the dominant j-value of discrim-

inant A. It is important for us that it is much larger in absolute value than all its

conjugates.
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Lemma 3.5. Let j(t) be the dominant j-value of discriminant A, with |A| > 11,
and let j(t') # j(t) be conjugate to j(t) over Q. Then [j(z')| < 0.1]j(7)|.

Proof. Recall the inequality |[}(z)| —lg;! H < 2079, where g. = ¢**, for z belong-
ing to the standard fundamental domain of SL,(Z) on the Poincaré plane [3,
Lemma 1]. We may assume that t = (—r4(A) + VA)/2 and v’ = (—b + V/A)/2a
with a > 2. Hence |¢,| = ¢™VI4l > V11 5 33506 and |g./| < |g.|!/2. We obtain

GO _ lge|"? +2079 _ 335067 + 2079

< 0.1,
()] ~ gl —2079 ~ 33506 — 2079

as wanted. O

The minimal polynomial of j(z) over Z is called the Hilbert class polynomial® of
discriminant A; it indeed depends only on A because its roots are the numbers (11).
We will denote it H 4 (x).

4 Comparing Two CM-Fields

In this section we study the field equality Q(j(z;)) = Q(j(z2)). We distinguish two
cases: Q(11) # Q(12), when we obtain the complete list of all possibilities, and
Q(11) = Q(12), where we will see that A and A, are “almost the same.” Here for
i = 1,2 we denote by A; the discriminant of the “complex multiplication order”
O; = End(t;, 1), and write A; = Difl.2 with the obvious meaning of D; and f;.

4.1 The Case Q(t1) # Q(72)

In this subsection we investigate the case when Q(j(z1)) = Q(j(r2)), but the fields
Q(t1) and Q(t7) are distinct. It turns out that this is a very strong condition, which
leads to a completely explicit characterization of all possible cases.

Theorem 4.1. Let 7, and t; be quadratic numbers such that Q(j(t1)) = Q(j(12)),
but Q(t1) # Q(12). Then both A and A, appear in Table 1.

Proof. Denote by L the field Q(j(z1)) = Q(j(r2)). If L is a Galois extension of Q,
then the group Cl(A;) = CI(A;) is annihilated by 2 by Corollary 3.3, and we can
use Corollary 2.2. Since D; # D», at least one of the two discriminants D; and D,

20r, sometimes, ring class polynomial, to indicate that its root generates not the Hilbert class field,
but the more general ring class field.
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is distinct from D*; say, D1 # D*. Then A, is in Table 1. Since h(A,) = h(A,),
Remark 2.3 implies that A, is in Table 1 as well. (This argument goes back to
Kiihne [9, Sect. 6].)

Now assume that

L is not Galois over Q. (12)

We will show that this leads to a contradiction. Denote by M the Galois closure of L
over Q; then, M = Q(71,j(71)) = Q(12,/(72)). Define the Galois groups

G=GaM/Q), N =GaM/Q11, 1)),
Ni = Gal(M/Q(w)) = CI(4) (i=1,2),

sothat N = Ny NN, and [N, : N] = [N> : N] = 2.
We claim the following:

the group N is annihilated by 2. (13)

(One may mention that this is a special case of an observation made independently
by Edixhoven [7] and André [1].)

Indeed, let ¢; be an element of G acting non-trivially on t; but trivially on .
Then for any o € N; we have 0! = ¢~! by Proposition 3.2. On the other hand, for
any o € N, we have 0! = o. It follows that o = o~ for o € N, proving (13).

Thus, each of the groups N; and N, has a subgroup of index 2 isomorphic to
(Z/2Z)* for some integer . Hence each of Ny and N, is isomorphic either to
(Z/2Z)* ! orto Z/4AZ x (Z./2Z)*".

If, say, Ny = (Z/2Z)**!, then L is Galois over Q by Corollary 3.3, contradict-
ing (12). Therefore

Ny =N, = Z/AZ x (Z)2Z)*".

Let ¢ € G be the complex conjugation. Since i extends the non-trivial element
of Gal(Q(t;)/Q), the group H = {1,:} acts on N; dihedrally: o = o~ for
0 € Ny, and we have G = N; x H. Let N| and N{ be subgroups of N; isomorphic
to Z/4Z and (Z/27)"*~", respectively, such that Ny = N x N{. Then H commutes
with N{' and acts dihedrally on N{. Hence

G =N, xH= (N, xH)x N/ = Dg x (Z/2Z)""",

where D,, denotes the dihedral group of 2n elements.

Now observe that Dg x (Z/2Z)*~" has only one subgroup isomorphic to the
group Z/47Z x (Z/27Z)"~"; this follows, for instance, from the fact that both groups
have exactly 2" elements of order 4. Hence Ny = N,, which implies the equality
Q(11) = Q(12), a contradiction. O
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Now one can go further and, inspecting all possible pairs of fields, produce the

full list of number fields presented as Q(j(t;)) and Q(j(z2)) with Q(z1) # Q(12).

Corollary 4.2. Let L be a number field with the following property: there exist

quadratic t| and 1, such that L = Q(j(11)) = Q((r2)) but Q(t1) # Q(12). Then L
is one of the fields in Table 2.

Table 2 Fields presented as Q(j(7;)) and Q(j(z2)) with Q(t;) # Q(z2)

Field L [L:Q] A Cl(A)

Q 1 —3,—4,—7,—8,—11,—12, —16,—19, =27, —28, —43, | trivial
—67,—163

Q(2) 2 —24,-32,—64,—88 7./27.
Q(v/3) 2 —36, —48 7/27,
Q(5) 2 —15,-20, —35,—40,—60, —75,—100, —115,—235 | Z/2Z
Q(+/13) 2 —52,—91,—403 7,27
Q(/17) 2 —51,—187 7,27
Q(+/2,4/3) 4 —96,—192, —288 (Z.)27,)?
Q3. 4/5) 4 —180, —240 (Z.)27,)?
Q(/5,4/13) |4 —195, 520, —715 (Z)27)*
Q(+/2,4/5) 4 —120, —160, —280, —760 (Z)27)*
Q5,4/17) |4 —340, —595 (Z.)27,)?
Q(v/2,+/3,4/5)|8 —480, —960 (Z)27)}

Explanations:

1. the third column contains the full list of discriminants A of CM-orders End(z, 1) such that
L =Q((r));

2. the fourth column gives the structure of the class group CI(A) for any such A.

Proof. This is just a calculation using PARI. O

4.2 The Case Q(t1) = Q(t3)

Now assume that Q(j(t;)) = Q(j(r2)) and Q(t;) = Q(z2). Denote by D the
discriminant of the number field Q(z;) = Q(t2) and write A; = f?D fori = 1,2.

Proposition 4.3. Assume that Q(j(t1)) = Q(j(1r2)) and Q(t1) = Q(12). Then
either

fl/f2€{1,2,1/2} (14)

orD = =3 and fi,f, € {1,2,3} (in which cases Q(j(t1)) = Q(j(r2)) = Q).
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Proof. Putf = LCM(f1,f2). When D # —3, —4, Proposition 3.1 implies that
h(*D) = [Q(VD.j(w).j(r2)) : QVD)] (15)
Since j(t1) and j(t;) generate the same field, we obtain
h(f{D) = h(f;D) = h(f*D). (16)
Using (6) and (16), we obtain

- -

plf
pth

which implies that f/f; € {1, 2}. Similarly, f/f> € {1,2}. Hence we have (14).

Now assume that D € {—3, —4}. If gcd(f1,f>) > 1, then we again have (15), and
the same argument proves (14).

If, say, fi = 1 then either D = —4 and f; € {1, 2}, in which case we again
have (14), or D = —3 and f, € {1, 2, 3}.

Finally, assume that f,f, > 1 and gcd(fi,f2) = 1. Then f = fif, and Proposi-
tion 3.1 implies that

h(ftD) = h(f;D) = £ h(f*D), (17)
where £ = 2 for D = —4 and £ = 3 for D = —3. Using (6) and (17), we obtain

M(-C)r)=c oo

plfi

and a quick inspection shows that in this case D = —3 and {f}, 2} = {2, 3}. O

5 Proof of Theorem 1.2

We assume that P = (j(t1), /(7)) belongs to a non-special straight line £ defined
over Q, and show that it satisfies either (2) or (3). We define A; = Dif;z as in the
beginning of Sect. 4.

Let Ajx; + Axx; + B = 0 be the equation of £. Since £ is not special, we have
A1A; # 0, which implies, in particular, that

QG(m)) = Q(j(w2)). (18)

We set

L=Q((m) =Q((r2).  h=h(A)=h(4;)=[L:Q]
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If j(t1),j(12) € Q (thatis, h = 1), we are done. From now on assume that

J(1).j(r2) ¢ Q.

If j(r1) = j(12), then £ is the special line x; = x,, because it passes through the
points (j(z1),j(t1)) and through all its conjugates over Q. Hence

j(m) #j(w). 19)
If h = 2, then we have (3). From now on assume that
h> 3, (20)
and, in particular,
|A1],142] = 23. 1)

We will show that this leads to a contradiction.

Remark 5.1. Before proceeding with the proof, remark that, for a given pair of
distinct discriminants A; and A, it is easy to verify whether there exists a point
(j(t1),j(r2)) on a non-special straight line defined over Q, such that A; is the
discriminant of the CM-order End(z;, 1). Call two polynomials f(x), g(x) € Q[x]
similar if there exist «, B, A € Q with «A # 0 such that f(ax + §) = Ag(x). Now, a
point (j(t1),j(t2)) as above exists if and only if the class polynomials H4, and H 4,
(see end of Sect. 3.3) are similar. This can be easily verified using, for instance, the
PARI package.

5.1 Both Coordinates are Dominant

It turns out that we may assume, without a loss of generality, that both j(z;) and j(17)
are the dominant j-values of corresponding discriminants, as defined in Sect. 3.3.

Lemma 5.2. Assume that £ is a non-special straight line containing a CM-
point P = (j(t1),j(r2)) satisfying (18)—(20). Then £ contains a CM-point
P’ = (j(t)),j(z})), conjugate to P over Q and such that j(t!) is the dominant
Jj-value of discriminant A; fori =1, 2.

Proof. Since £ is defined over Q, all Q-conjugates of P belong to ¢ as well.
Replacing P by a Q-conjugate point, we may assume that j(t;) is the dominant
j-value for the discriminant A;. If j(z;) is the dominant value for A, we are done;
so assume it is not, and show that this leads to a contradiction.

Since both j(t;) and j(t;) generate the same field of degree 4 over Q, the Galois
orbit of P (over Q) has exactly & elements; moreover, each conjugate of j(z;) occurs
exactly once as the first coordinate of a point in the orbit, and each conjugate of j(1,)
occurs exactly once as the second coordinate.
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It follows that there is a conjugate point P° such that the second coordinate
j(12)? is the dominant j-value for A,; then, its first coordinate j(7)? is not dominant
for A because P° # P. Since h > 3, there exists yet another point P°" with both
coordinates not dominant for the respective discriminants.

All three points P, P, and P’ belong to £. Hence

1 j(r) Jj(r)
1 j(fl)a/ j(fz)”/ =0.
1j(z1)” j(r2)°®

The determinant above is a sum of 6 terms: the “dominant term” j(z;)j(z2)° and 5
other terms. Each of the other terms is at most 0.1[j(z1)j(t2)° | in absolute value: this
follows from Lemma 3.5, which applies here due to (21). Hence the determinant
cannot vanish, a contradiction. O

5.2 Completing the Proof

After this preparation, we are ready to complete the proof of Theorem 1.2. Thus, let
P = (j(t1),j(2)) belong to a straight line £ defined over Q. We assume that (18)—
(20) are satisfied, and we may further assume that j(t;), j(t2) are the dominant
Jj-values of A, A,, respectively.

If Q(71) # Q(12), then Corollary 4.2 applies, and all possible L, A, and A,
can be found in Table 2. In particular, we have only 6 possible fields L and 15
possible couples A, A,. All of the latter are ruled out by verifying (using PARI)
that the corresponding Hilbert class polynomials H 4, (x) and H 4, (x) are not similar,
as explained in Remark 5.1.

If Q(71) = Q(12), then Proposition 4.3 applies, and we have f /f> € {1,2,1/2}.
Since both j(z;) and j(tp) are dominant, the case fi = f> is impossible: there is
only one dominant j-value for every given discriminant, and we have j(z;) # j(12)
by (19). Thus, f1/f> € {2,1/2}.

Assume, for instance, that f, = 2f;. Write A, = A, so that A} = 4 A. Since both
Jj(1) and j(t,) are dominant, we may choose

—r@M) + VA o —r(d) + VA

o= 2 2= 2

It follows that 7, = %y(rl), where

y = ((1) _’41(A)) € SL(Z).
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Hence the point P = (j(t;),j(t2)) belongs to the modular curve Y;(2) realized as
the plane curve @;(x1,x;) = 0, where

Dy (x1,X2) = — x2x2 + x5 + x3 4 1488x3x, + 1488x;x3 + 40773375x,x,
— 162000x% — 16200042 + 8748000000x; + 8748000000x,
— 157464000000000

is the modular polynomial of level 2. Since deg @, = 4 and P belongs to a straight
line over Q, the coordinates of P generate a field of degree at most 4 over Q. Thus,
3<h<4

Looking into existing class number tables (or using PARI) one finds that there
exist only 5 negative discriminants A such that 1(A) = h(4A) € {3, 4}:

h=3: -—23, -31;
h=4: —7-.3%-39, —55.

Verifying that the polynomials H, and Hyx for these values of A are not similar is
an easy calculation with PARI. |

Remark 5.3. 'We conclude the article with some computational remarks.

1. Asindicated in the introduction, it is very easy to list all CM-points satisfying (2)
or (3); call them rational and quadratic, respectively.

There exist exactly 13 discriminants A with h(A) = 1, the first line of
Table 1 lists them all. Hence there exist 169 rational CM-points, and listing them
explicitly is plainly straightforward.

As for the quadratic CM-points, there are two kinds of them: points with

A=A, =A, h(A) =2, j(r)andj(r,) are conjugate over Q, (22)
and points with

Ar# Ay h(A) = h(4) =2, Q((n) = Q(i(r2)). (23)

There exist exactly 29 negative quadratic discriminants A with h(A) = 2, see the
second line of Table 1 for the complete list. Hence there exist 29, up to conjugacy,
quadratic CM-points satisfying (22).

The quadratic CM-points satisfying (23) can be extracted from the “quadratic”
part of Table 2. Indeed, if Q(t;) # Q(z2), then A, A, are in Table 2 by
Corollary 4.2. And if Q(t;) = Q(t2), then A,/ A, € {4, 1/4} by Proposition 4.3.
Inspecting the list of the 29 discriminants with 2(A) = 2, we find that the only
possibility is {A;, A,} = {—15, —60}. Both these values appear in Table 2 in the
line corresponding to the field Q(~/5).
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Looking into Table 2 we find that there exist
44-1D)+22-1)+909-1D+3C3-1D+22-1)=9%

(ordered) pairs (A;, A) as in (23). Each pair gives rise to two, up to conjugacy,
points satisfying (23). So, up to conjugacy, there are 188 points satisfying (23),
and 188 4 29 = 217 quadratic CM-points altogether. Again, listing them explic-
itly is a straightforward computation.

2. Thomas Scanlon (private communication) asked whether there exists a non-
special straight line over C passing through more than 2 CM-points. Since

dot| 1728 —884736000 7 _
287496 —147197952000| ~

the points (0, 0), (1728,287496) and (—884736000, —147197952000) belong
to the same straight line, and so do the points (0, 0), (1728, —884736000) and
(287496, —147197952000). Notice that

j (_HTM) =0, j(v=1)=1728, j(2+/—1) = 28749,

—1+ /=67

.(—1+J—_AB)
/ 2

5 = —884736000, j(

) = —147197952000.

We verified that (up to switching the variables x|, x,) these are the only such lines
defined over Q. Precisely:

* 1o 3 rational CM-points, with the exceptions indicated above, lie on the same
non-special line;

* no line passing through conjugate quadratic CM-points contains a rational
CM-point;

* lines defined by pairs of conjugate quadratic CM-points are all pairwise
distinct.

The verification is a quick calculation with PARI.
It is not clear to us whether the examples above (and absence of other
examples) are just accidental, or admit some conceptual explanations.
3. All the computations for this paper take about 20 s.
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1 Introduction

In this section we set the stage for our results by quickly reviewing previous
work on zeros of L-functions, leading up to n-level correlations, densities, and the
conjectured correspondence with random matrix ensembles. As this is a vast field
and the readership of this book is likely to have diverse backgrounds and interests,
we discuss in some detail the history of the subject in order to put the present
problems in context. We concentrate on some of the key theorems and statistics,
and refer the reader to the extensive literature for more information. After this
quick tour we describe the Katz—Sarnak conjectures for the behavior of low-lying
zeros, and then in Sect. 2 we state our new results for families of Maass forms (the
reader familiar with this field can skip this section and go straight to Sect. 2). The
analysis proceeds by using the Kuznetsov trace formula to convert sums over zeros
to exponential sums over the primes. Similar sums have been extensively studied by
Maier in many papers over the years (see, for example, [12, 36—40]); it is a pleasure
to dedicate this chapter to him on the occasion of his 60th birthday.

1.1 Zeros of L-Functions

The Riemann zeta function ¢ (s) is defined for Re(s) > 1 by

oo —1
(0 =3 = ] (1—l) : W)
n=1

S
p prime p

the Euler product expansion is equivalent to the Fundamental Theorem of Arith-
metic on the unique factorization of integers into prime powers. Much can be
gleaned in this regime. For example, looking at the limit as s — 1 from above
shows the sum of the reciprocals of the primes diverges (and with just a little work
one gets Zp -, 1/p ~ loglogx), and hence there are infinitely many primes. The true
utility of this function, however, doesn’t surface until we consider its meromorphic
continuation & (s) to the entire complex plane, where

E(s) := I'(s/2mn%C(s) = £ —). )

The product expansion shows &(s) has no zeros for Re(s) > 1, and from the
functional equation the only zeros for Re(s) < 0 are at the negative even integers.
The remaining zeros all have real part between 0 and 1; the Riemann Hypothesis
[52] is the statement that these zeros all have real part 1/2.

Ever since Riemann’s classic paper, researchers have exploited the connections
between zeros of {(s) (and later other L-functions) to arithmetically important
problems to translate information about the zeros to results in number theory.
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For example, it can be shown that {(s) is never zero on the line Re(s) = 1. This
implies the Prime Number Theorem: the number of primes at most x, 7 (x), is Li(x)
plus a lower order term, where

*odt

Li = —;
i) , logt

3)

excellent references for this and the subsequent results are [7, 26].

Similar results about primes in arithmetic progressions modulo m follow from
analogous results about the distribution of zeros of Dirichlet L-functions L(s, y) :=
>, x(n)/n’, where y ranges over all primitive characters modulo m. It is worth
noting that to study primes congruent to a modulo m it is not enough to study one
specific Dirichlet L-function, but rather we need to understand the entire family
coming from all characters of modulus m in order to invoke orthogonality relations
to extract information about our progression from averages of y(m); this notion of
family will be very important in our work later.

After determining main terms, it is natural to ask about the form of the lower
order terms. While the Riemann Hypothesis (RH) implies that 7(x) = Li(x) +
O(x'/? log x), neither it nor its generalization to other L-functions (GRH) is powerful
enough to explain how the distribution of primes modulo m varies with the residue
class, as these fluctuations are roughly the size of the errors from GRH. Chebyshev
observed that there appeared to be more primes congruent to 3 modulo 4 than
to 1 modulo 4. We now have an excellent theory (see [55]) that explains this
phenomenon. A key ingredient is the Grand Simplicity Hypothesis, which asserts
that the zeros of these L-functions are linearly independent over the rationals.

Assuming RH, the non-trivial zeros of {(s) all have real part equal to 1/2, and
may thus be ordered on the line. It therefore makes sense to talk about spacings
between adjacent zeros g; = 1/2 + iy;, or better yet spacings between adjacent
normalized zeros (where we have normalized so that the average spacing is 1).
Recent work has shown powerful connections between these gaps and important
arithmetic quantities. For example, we can obtain excellent bounds on the size of
the class groups of imaginary quadratic fields through knowing the existence of L-
functions with multiple zeros at the central point [18, 19], or knowing that a positive
percentage of gaps between normalized zeros of the Riemann zeta function are at
least a certain fixed fraction of the average spacing [6].

The central theme in the above examples is that the more information we know
about the zeros of the L-functions, the more we can say about arithmetically
important questions. We started with just knowledge of the zeros on the line
Re(s) = 1, and then extended to GRH and all non-trivial zeros having real part
1/2, and then went beyond that to the distribution of the zeros on that critical line.
In this chapter we expand on this last theme, and explore the distribution of zeros of
L-functions on the critical line.
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1.2 n-Level Correlations and Random Matrix Theory

While zeros of L-functions is a rich subject with an extensive history, our story on
the number theory side begins in the 1970s with Montgomery’s [47] work on the
pair correlation of the zeros of {(s). Given an increasing sequence of numbers {«;}
and B C R"! a compact box, the n-level correlation R, (B) is defined by

#{(o —p, ..., @, —a;,) €B, ji<N|
N

R,(B) := lim , 4)
N—>o0

where the indices above are distinct. Instead of using a box (which is equivalent

to a sharp cut-off) it’s often technically easier to consider a similar version with a

smooth test function (see [56]).

While knowing all the n-level correlations allows one to determine all the
neighbor spacings (see, for example, [41]), computing these for arbitrary B (or for
any admissible test function) is well beyond current technology. There are, however,
many important partial results. The first is the referred-to one of Montgomery [47],
who showed that for suitable test functions the 2-level density agrees with the 2-level
density of eigenvalues of the Gaussian Unitary Ensemble (GUE). There are many
ways to view this ensemble of matrices. The easiest is that these are Hermitian
matrices whose upper triangular entries are independently drawn from Gaussians
(as the diagonal must be real, we draw from a different Gaussian for these entries
than we do for the non-diagonal ones). An alternative definition, which explains
the use of the word unitary, deals with the equality of the probability of choosing
a matrix and its conjugation by a unitary matrix; note this is equivalent to saying
the probability of a matrix is independent of the base used to write it down. From
a physical point of view these matrices represent the Hamiltonian of a system.
What matters are their eigenvalues, which correspond to the energy levels. While
the entries of the matrix change depending on the basis used to write it down, the
eigenvalues do not, which leads us to the unitary invariance condition. These and
other matrix families had been extensively studied by Dyson, Mehta, and Wigner
among many others; see [5, 14, 15,21,41, 46] and the multitude of references therein
for more on the history and development of the subject.

This suggested a powerful connection between number theory and random
matrix theory, which was further supported by Odlyzko’s numerical investigations
[48, 49] showing agreement between the spacings of zeros of {(s) and the eigen-
values of the GUE. Subsequent work by Hejhal [22] on the triple correlation of
£(s) and Rudnick and Sarnak [56] on the n-level correlations for all automorphic
cuspidal L-functions, again under suitable restrictions, provided additional support
for the conjectured agreement between the limiting behavior of zeros of L-functions
(as we move up the critical line) and eigenvalues of N x N matrices (as N — 00).

These results indicated a remarkable universality in behavior; while there are
many random matrix ensembles, it appeared that only one was needed for number
theory. A little thought, however, shows that this might not be the full story.
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The reason is that the n-level correlations are insensitive to the behavior of finitely
many zeros. In other words, we can remove finitely many zeros and not change
R,(B). This is particularly troublesome, as there are many problems where only a
few zeros matter. For example, the Birch and Swinnerton-Dyer conjecture [3, 4]
states that the order of vanishing of the L-function associated with an elliptic curve
equals the rank of its Mordell-Weil group; thus in studies on this problem we only
care about what is happening at the central point, and not at all about what is
happening far away on the critical line.

Later studies by Katz and Sarnak [28, 29] confirmed that more care is needed.
The n-level correlations of the zeros of L-functions agree not only with those
from the GUE, but also with those coming from the classical compact groups.
The advantage of the latter is that the probability distribution a matrix is chosen
is derived from the Haar measure on the group, which is a canonical choice.
This is in sharp contrast to the definition of the GUE, where we fix a probability
distribution and choose independent entries from it, which begs the question why
one distribution was chosen over another (for the GUE, the answer is that the
Gaussian is forced upon us by our assumption of the probability being invariant
under unitary transformations of the basis). They proved that as N — oo the n-level
correlations of the eigenvalues are the same for all the classical compact groups
(unitary, symplectic, and orthogonal, split or not split by sign). Thus one could just
as easily say that the zeros of ¢ (s) behave like the eigenvalues of orthogonal matrices
instead of the GUE.

This led Katz and Sarnak to introduce a new statistic that is both able to
distinguish the different classical compact groups and which depends on the
behavior of eigenvalues near 1. We briefly describe the comparisons between
number theory and random matrix theory. If we assume the Riemann hypothesis
then the non-trivial zeros have real part 1/2 and we may write them as o; = 1/2+iy;
for y; real. On the random matrix theory side, the classical compact groups are
unitary matrices, and we can therefore write their eigenvalues as e/% with 6 real.
From intuition gleaned from earlier results, as well as function field analogues, Katz
and Sarnak were led to conjecture that in the appropriate limits the behavior of zeros
near 1/2 agree with the behavior of eigenvalues near 1 (more generally, one can also
compare values of L-functions and characteristic polynomials of matrices).

1.3 n-Level Densities and the Katz—Sarnak Philosophy

Unfortunately, it is not possible to compare just the zeros of one L-function near
the central point to the eigenvalues of one matrix. As in many problems in analytic
number theory, we need to be able to execute some type of averaging and take some
kind of limit in order to isolate out a main term and make progress. For the n-level
correlations (or, equivalently, for Odlyzko’s work on spacings between adjacent
zeros), one L-function provides infinitely many zeros, and the average spacing
between critical zeros at height T is on the order of 1/log T. Thus if we go high up,
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we are essentially averaging over the zeros of that L-function, and can isolate out
a universal, main term behavior. If instead we concentrate on the low-lying zeros,
those near the central point, the situation is very different; due to the symmetry of
the zeros about the central point we may restrict to studying the zeros in the upper
half plane (this is why, in the definitions below, we use even test functions). To each
L-function L(s, f) we can associate a quantity, called the analytic conductor ¢y, such
that the first few zeros are of height 1/log c;. If we rescale so that these zeros are of
mean spacing one, then given any constant C there are essentially a finite number
(depending basically just on C) that are at most C.

In order to make progress we need to collect a large number of L-functions which
should behave similarly and are naturally connected. We call such a collection a
family of L-functions. The definition of what is a family is still a work in progress
(see [9] among others), but most natural collections of L-functions are. Examples
include families of Dirichlet characters (either all of a given conductor, all whose
conductor is in a given range, say [N,2N], or just quadratic characters whose
conductor is in a range), cuspidal newforms (and very important subsets, one or two
parameter families of elliptic curves), symmetric powers of cusp forms, and so on.
Collections that are not families would include arbitrary subsets, for example, cusp
forms whose third Fourier coefficient is 2 modulo 5, or cusp forms whose first zero
above the central point is at least twice the average. Typically as the conductors (or
range) grows we have more and more L-functions in the family. The Katz—Sarnak
philosophy is that if we take averages of statistics of zeros over the family then in
the limit it will converge and agree with the corresponding statistic for the scaling
limit of a classical compact group as the matrix size tends to infinity.

The main statistic we study in this paper is their n-level density. For convenience
of exposition we assume the Generalized Riemann Hypothesis for L(s, f) (and thus
all the zeros are of the form 1/2 + iy;;; with yj; real), though the statistic below
makes sense even if GRH fails. Let ¢(x) = I—[j'-’=1 ¢;(xj) where each ¢; is an even
Schwartz function such that the Fourier transforms

o0
$0) = / ¢j(x)e > dx 5)
—00
are compactly supported. The n-level density for f with test function ¢ is

Dy 9) = Y b1 (L) - bu (LeYinr) - ©)

tim
where Ly is a scaling parameter which is frequently related to the conductor. The
idea is to average over similar f, and use the explicit formula to relate this sum over
zeros to a sum over the Fourier coefficients of the L-functions. See, for example,
[27], the seminal paper in the subject and the first to explore these questions, and
see [56] for a nice derivation of the explicit formula for general automorphic forms.
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The subject is significantly harder if the conductors vary in the family, as then
we cannot just pass the averaging over the forms through the test function to the
Fourier coefficients of the L-functions. If we only care about the 1-level density,
then we may rescale the zeros by using the average log-conductor instead of the
log-conductor; as this is the primary object of study below we shall rescale all the
L-functions in a family by the same quantity, which we denote R, and we emphasize
this fact by writing D, (f, ¢, R). For more on these technical issues, see [42, 43],
which studies families of elliptic curves where the variation in conductors must
be treated. There it is shown that if the conductors vary within a family then this
global renormalization leads to problems, and in the 2-level computations terms
emerge where we cannot just pass the averaging through the test function. In some
problems, however, it is important to compute the n-level densities. One application
is to obtain significantly better bounds on the order of vanishing at the central point
(see [23]). Another is to distinguish orthogonal candidates if the 1-level density can
only be computed for small support; we will elaborate on this below.

Given a family .#% = Uy.%y of L-functions with conductors tending to infinity,
the n-level density D, (%, ¢, R; w) with test function ¢, scaling R and a non-negative
weight function w is defined by

D,(f,$.R;
D\(F.¢.Riw) 1= lim_ Zf%g(f) v(vf(f()i5 -
fEFN

@)

The advantage of this statistic is that for a fixed f, individual zeros of L(s,f) can
contribute, with most of the contribution coming from the zeros near the central
point due to the rapid decay of the test functions. Further, as we are averaging over
similar forms there is a hope that there is a nice limiting behavior. In our applications
later we will have weights wy(f) = w(t/T) with T a parameter tending to infinity,
but we suppress the subscript 7 as it is always understood.

Katz and Sarnak [28, 29] proved that the n-level density is different for each
classical compact group, and found nice determinant expansions for them. Set
K(y) = % and K. (x,y) := K(x—y)+€eK(x+y) fore = 0, 1. They proved that
if Gy is either the family of N x N unitary, symplectic or orthogonal families (split
or not split by sign), the n-level density for the eigenvalues converges as N — oo to

/---/¢(xl,...,xn)Wn,c(xl,...,xn)dxl---dxn

= /"'/‘lg(YI,'--,)’n)wn.G(YI,u-,)’n)dYI"'d)’n» (8)

where

Wm, SO(even) ()C) = det(Kl (xi» xj))iJSm
m

W s0(dy(X) = det(K—1(x;, x}))ij<m + Z 8(xx) det(K— (x;, x7)); jk
=1
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1 1
Winolx) = > W, SO(even) (X) + EWm, SO(0dd) (%)
Winux) = det(Ko(xi, X;))ij<m
Wisp(x) = det(K_;(x;, X))ij<m- 9

While these densities are all different, for the 1-level density with test functions
whose Fourier transforms are supported in (—1, 1) the three orthogonal flavors
cannot be distinguished from each other, though they can be distinguished from the
unitary and symplectic densities. Explicitly, the Fourier Transforms for the 1-level
densities are

~ 1
Wl,SO(even)(u) = 80(”) + 5?7(“)

R 1
Wio(u) = 8o(u) + 5

R 1
W1, sodd) (@) = So(u) — 577(14) +1

n 1
Wisp(u) = 8o(u) — 577(14)

Wiu(u) = 8(u), (10)

where n(u) is 1, 1/2, and O for |u| less than 1, equal to 1, and greater than 1,
respectively, and §; is the standard Dirac Delta functional. Note that the first three
densities agree for |u| < 1 and split (i.e., become distinguishable) for |u| > 1. Thus
in order to uniquely specify a symmetry type among the three orthogonal candidates,
one either needs to obtain results for support exceeding (—1, 1), or compute the 2-
level density, as that is different for the three orthogonal groups for arbitrarily small
support [42, 43].

The Katz—Sarnak Density Conjecture states that the behavior of zeros near the
central point in a family of L-functions (as the conductors tend to infinity) agrees
with the behavior of eigenvalues near 1 of a classical compact group (as the
matrix size tends to infinity). For suitable test functions, this has been verified in
many families, including Dirichlet characters, elliptic curves, cuspidal newforms,
symmetric powers of GL(2) L-functions, and certain families of GL(4) and GL(6)
L-functions; see, for example, [8, 9, 11, 13, 16, 17, 20, 23, 24, 27, 29, 32, 43, 45, 50,
51, 53, 54, 59, 60]. This correspondence between zeros and eigenvalues allows us, at
least conjecturally, to assign a definite symmetry type to each family of L-functions
(see [9, 57] for more on identifying the symmetry type of a family).

For this work, the most important families studied to date are holomorphic cusp
forms. Using the Petersson formula (and a delicate analysis of the exponential sums
arising from the Bessel-Kloosterman term), Iwaniec et al. [27] proved that the
limiting behavior of the zeros near the central point of holomorphic cusp forms
agrees with that of the eigenvalues of orthogonal matrices for suitably restricted test
functions. In this chapter we look at the other GL,/Q family of L-functions, Maass
waveforms.
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2 Statement of Main Results

We first describe the needed normalizations and notation for our families of Maass
forms, and then conclude by stating our new results and sketching the arguments.
The beginning of the proofs is similar to that in all families studied to date: one uses
the explicit formula to convert sums over zeros to sums over the Fourier coefficients
of the forms. The difficulty is averaging over the family. In order to obtain support
beyond (—1, 1), we have to handle some very delicate exponential sums; these arise
from the Bessel-Kloosterman term in the Kuznetsov trace formula. To facilitate
applying it, we spend a lot of time choosing tractable weights. This is similar to
previous work on cuspidal newforms where the harmonic weights were used to
simplify the application of the Petersson trace formula. It is possible to remove
these weights, and this is done in [27]. For some applications it is important to
have unweighted families, in order to talk about the percentage of forms that vanish
at the central point to a given order (see [23]); for our purposes, we are primarily
interested in obtaining large enough support to uniquely determine the symmetry
type, and thus choose our weight functions accordingly.

2.1 Normalizations and Notation

We quickly recall the basic properties of Maass forms (see [25, 26, 34, 35] for
details), and then review the 1-level density from the last section with an emphasis
on the important aspects for the subsequent computations. We use the standard
conventions. Specifically, by A <« B we mean |A| < ¢|B| for a positive constant
c. Similarly, A < B means A < B and A > B. We set e(x) := exp(2mix), and
define the Fourier transform of f by

7€) = /R F()e(—xt)d. (11

In the rest of the paper u always denotes a Hecke—Maass cusp form on Ij(N)
with N square-free. Thus u is an eigenfunction of the Laplacian with eigenvalue
Ay =: (% + itu)(% — it,), and it is either even or odd with respect to the involution
7+ —1/z; if u is even we set € = 0, otherwise we take ¢ = 1. Selberg’s 3/16 ths
theorem implies that we may take ¢, > 0 or ¢, € [0, %]i. Next we Fourier expand u
as follows:

u@) = ¥ ay K1 p2x|nly)e(ny). (12)
n#0
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Let
an(u)
An(u) ' = —————, 13
@ cosh(rt,)!/? (13)
where the K, (z) are the K-Bessel functions. We normalize u so that A (1) = 1.
The L-function associated with u is
Lis.u) = Y Aun " (14)

n>1

By results from Rankin—Selberg theory the L-function is absolutely convergent in
the right half-plane NR(s) > 1 (one could also use the work of Kim and Sarnak
[30, 31] to obtain absolutely convergent in the right half-plane R(s) > 71/64,
which suffices for our purposes). These L-functions analytically continue to entire
functions of the complex plane, satisfying the functional equation

A(s.u) = (=) A1 = s,u), (15)
with
AG.u) i= 7T (%) r (H%_”) L(s. u). (16)
Factoring
1-,X+X* = (1-0,X)(1— B,X) 17)

at each prime (the «,, B, are the Satake parameters at p not dividing the level N; if
p divides the level, then either «, or B, is zero), we get an Euler product

Lis.u) = [Ja—epp™ 0= Bp™) 7" (18)

which again converges for N (s) sufficiently large.

For the remainder of the paper %y denotes an orthogonal basis of Maass cusp
forms on (), all normalized so that A = 1; thus, By is not orthonormal under
the Petersson inner product on the space. Note we do not take a basis of newforms—
that is, the delicate sieving out of oldforms as in [27] is not done. Using Weyl’s law,
however, one can control the sieving (see [25]).

We use the notation Avg(A;w) to denote the average of A over %y with each
element u € Ay given weight w(u). That is,

ZME@N A(M)W(u)

Avg(A;w) = 5 @
UERBN wlu

19)
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Our main statistic for studying the low-lying zeros (i.e., the zeros near the central
point) is the 1-level density; we quickly summarize the needed definitions and facts
from Sect. 1.3. Let ¢ be an even Schwartz function such that the Fourier transform
43 of ¢ has compact support; that is,

() = /_ ¢ (x)e > dx (20)

and there is an 1 < oo such that <;§(y) = 0 for y outside (-7, 1).
The 1-level density of the zeros of L(s, u) is

!
Di(u.¢.R) = Z¢(ZiRV), @1
o

where 0 = 1/2 + iy are the non-trivial zeros of L(s, u), and log R is a rescaling
parameter related to the average log-conductor in the weighted family, whose choice
is forced upon us by (46). Under GRH all y are real and the zeros can be ordered;
while GRH gives a nice interpretation to the I-level density, it is not needed
for our purposes. As ¢ is a Schwartz function, most of the contribution comes
from the zeros near the central point s = 1/2. The different classical compact
groups (unitary, symplectic, and orthogonal) have distinguishable 1-level densities
for arbitrarily small support; however, the 1-level densities for the even and odd
orthogonal matrix ensembles are equal for test functions whose Fourier transforms
are supported in (—1, 1). There are two solutions to this issue. One possibility is to
perform a more detailed analysis and “extend support.” The other is to study the 2-
level density, which Miller [42, 43] showed distinguishes the orthogonal ensembles
for arbitrarily small support. For some of the families studied below we are able
to calculate the support beyond (—1, 1), and we may thus determine which of the
orthogonal groups should be the symmetry group; for the other families our support
is too limited and we instead study the 2-level density.

2.2 Main Results

Similar to how the harmonic weights facilitate applications of the Petersson formula
to average the Fourier coefficients of cuspidal newforms (see, for instance, [27, 44]),
we introduce nice, even weight functions to smooth the sum over the Maass forms.
As we will see below, some type of weighting is necessary in order to restrict to
conductors of comparable size. While our choice does not include the characteristic
function of [T, 2T], we are able to localize for the most part to conductors near T,
and are able to exploit smoothness properties of the weight function in applications
of the Kuznetsov trace formula. Further, in problems such as these the primary goal
is to have as large support as possible for the Fourier transform of the test function
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that hits the zeros. For more on these issues see [2], where Alpoge and Miller impose
even more restrictions on the weight functions, which allows them to increase the
support.

We consider the averaged one-level density weighted by two different weight
functions of “nice” analytic properties. Let H € C% ((—1, 1)) be an even smooth
bump function of compact support on the real line (thus it should be close to 1 in
some region and decay very quickly to zero outside there), and let H be its Fourier
transform. We may of course (by applying this construction to a square root—recall
that the support of a convolution is easily controlled) take H > 0. We may also take
H to have an order K zero at 0. Let

Hy(r) == H (i) . (22)
T
This is essentially supported in a band of length = T about +T.

Next, in the same way, let he ™ (( 1 4)) be even. We also require % to have
an order at least 8 zero at 0. Note that, by the same process as above, we may take
h(x) > 0 for all x € R and also (by Schwarz reflection) h(ix) > O for all x € R. Let
T be a positive odd integer. We let

r h (
mh (%)
This is the same test function used in [2], and is essentially supported in a band of
length < T about £7.
By trivially bounding the Fourier integral we observe that

S

hr(r) = (23)

.\ll.t( NS

H(x + iy), h(x +iy) < exp ( |y|) . (24)
Hence
Hr(ir) < exp (%) , (25)

and, using sinh(x) > e we find

hr(r) < exp( zlr |). (26)

These will both be useful in what follows.

In one-level calculations we will take an even Schwartz function ¢ such that q3 is
supported inside [—7, n]. We suppress the dependence of constants on &, H, ¢, and
n (as these are all fixed), but not T or the level N since one or both of these will be
tending to infinity.
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We weight each element u € %y by either Hr(t,)/||ul||* or hr(t,)/||u||?, where

1 dxdy
lull> = Jull7 = oo o u(z)—— (27)
N ISLy(Z) - oMW Sy 5
is the L?-norm of « on the modular curve Y, (N), and, as before, A, = % + ti is the
Laplace eigenvalue of u. Recall that
[SL.(Z) : [(V)] =: v(N) =[]+ D. (28)

pIN

The averaged weighted one-level density may thus be written (we will see in (46)
that R < TN is forced)

Dl(%N’ ¢’R’ W) = AVg (D[(L{, ¢’R);W(tu)/||u||2) B (29)

where w(t,) is either Hr(z,) or hr(t,).

The main question is to determine the behavior of D|(ABy, ¢, R; w) as either the
level N or the weight parameter T tends to infinity; specifically, one is generally
interested in the corresponding symmetry group. There are now several works [9,
28, 29, 57] which suggest ways to determine the symmetry group. For our family,
they suggest the following conjecture.

Conjecture 2.1. Let hy be as in (23), ¢ an even Schwartz function with 43 of
compact support, and R < T?N. Then

Jim D1 (.. &w) = [ $OWi o0 (30)

where Wip := 1+ %80. In other words, the symmetry group associated with the
family of Maass cusp forms of level N is orthogonal.

In [2] the above conjecture is shown for N = 1,w = hy, with the extra
restrictions that 4 has 2K > 8 zeros at the origin and supp(qg) C(—2+ %—H 2 —
ﬁ). Our first result here is in the case where the level N tends to infinity
(remember that N must be square-free), 7 and K are fixed, and w = wyr equals

either hy or Hry.

Theorem 2.2. Fix T and K and let R < N with N square-free. Let H be an
even, non-negative function with K > 8 zeros at 0 and Fourier transform H e
C® ((—i, i)) and let h be an even function with 8 zeros atOandh € C® ((—%, %))
Let the weights w = wr be either Hr or hy, where these are the functions
given by (22) and (23), respectively. Let ¢ be an even Schwartz function with

supp(@) C (=3, 3). Then
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lim Dy Rowr) = [ pOWio(0dr G

N square-free

Notice that the support in Theorem 2.2 exceeds (—1, 1), and thus we have
uniquely specified which orthogonal group is the symmetry group of the family.

Next we investigate the case where N is fixed and T tends to infinity through odd
values. For ease of exposition we take N = 1.

Theorem 2.3. Let h be an even function with 8 zeros at 0 and heCc® ((—}1, }1)),
and define hr as in (23). Let ¢ be an even Schwartz function with supp(ngS) c (-1,1),

and take R < T? (here N = 1). Then

lim Dy, Riln) = [ pOWo(0dr (2)

T odd

We also get a similar, though slightly weaker, result for the weight function w =
Hy if we allow K = ord,—¢ H(z) to vary. For the argument given we invoke the work
of [27] twice, since we reduce the Bessel-Kloosterman term of the Kuznetsov trace
formula to sum of Kloosterman terms arising in the Petersson trace formula. Since
[27] use GRH (specifically, for Dirichlet L-functions and L-functions associated
with symmetric squares of holomorphic cusp forms), we must, too.

Theorem 2.4. Assume GRH for Dirichlet L-functions and symmetric squares of
holomorphic cusp forms of level 1. Let H be an even, non-negative function with K
zeros at 0 and Fourier transform H e c™® ((—}1, %)) and let the weights w = wr
be Hry, which is given by (22). Let ¢ be an even Schwartz function with supp(qg) c
(=1 + 555 | — 5355). Take R < T? (here N = 1). Then

lim Dy(%1.¢.R.Hy) = /R (W1 o(1)d. (33)

Notice the support in Theorems 2.3 and 2.4 is too small to uniquely determine
which orthogonal symmetry is present (this is because the one-level densities of the
orthogonal flavors all agree inside (—1, 1)). At the cost of more technical arguments,
Alpoge and Miller [2] are able to extend the support beyond (—1, 1) when weighting
by hr, thereby determining the symmetry group to be orthogonal. In this work
we instead compute the 2-level density, which provides a second proof that the
symmetry type of the family of Maass cusp forms on SL,(Z) is orthogonal. The
2-level density is defined in (36). As any support for the 2-level density suffices to
uniquely determine the symmetry group, we do not worry about obtaining optimal
results.

Theorem 2.5. Let wy equal hy or Hy, R < T? (here N = 1), and let

Nl) = — = wr(t) (34)

2
Zue%’l Mall?  v<%1 [[ul|
(—he=—1
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be the weighted percentage of Maass forms in 98, with odd functional equation.
Write

Dy (B, 1. d2. Riwr) := Avg (Da(u, d1. 2. R); wr(t,)/||ul?) . (35)

with

logR logR
Dy(u,¢1.¢2.R) = Y ¢ (%%’) ¢2((;i Vj)

i+
= Di(u, ¢1,R)D (u, ¢>,R)
— 2D (u, p1¢p2, R)
+ 8c.141(0)$2(0). (36)

the average 2-level density of the weighted family of level 1 Maass cusp forms, and
the 2-level density of u € %9\1, respectively. Let f * g denote the convolution of f
and g. Then, for § < 1 and ¢y, ¢, even Schwartz functions supported in (=6, §),

Jim Dx(#1 g, Rovr) = (P52 45100 ) (252 + 200))

+2 /R X1 (B ()

— (1= A (=1)¢1(0)$2(0) — 2(¢1 * $2)(0),
37)

agreeing with the 2-level density of the scaling limit of an orthogonal ensemble with
proportions of A (—1) SO(odd) matrices and 1 — A (—1) SO(even) matrices.

A similar result holds for Zy—all the calculations will be standard given our work
on the one-level densities.

2.3 Outline of Arguments

By a routine application of the explicit formula we immediately reduce the problem
to studying averages of Hecke eigenvalues over the space of Maass cusp forms of
level N. For this we apply the Kuznetsov trace formula, as found in [33]. We are
quickly reduced to studying a term of shape

(N)ZS(m,l,cN)/ 21r(47rf) rwr(r) dr. (38)

= cosh(mrr)
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In all cases the idea is to move the contour from R to R — iY with ¥ — oco. The
properties of the weights hy or Hy ensure that the integral along the moving line
vanishes in the limit, so all that is left in place of the integral is the sum over poles,
of shape (up to negligible error in the case of 4y, which also has poles of its own)

S0 () ko o (214) (39)

cN
k>0

Now the N — oo limit is very easy to take, as all the Bessel functions involved
have zeros at 0. So the term does not contribute (the total mass is of order T?v(N),
canceling the v(N) out in front). With some care we arrive at Theorem 2.2.

If instead we take N = 1 and wy = Hry, then, by standard bounds on Bessel
functions, Jog+1 (4”!%) is very small for & larger than =< JTM For us /m will always
be bounded in size by something that is < 7". Thus for k smaller than this range,

the Bessel term is still controlled but not too small. It is the term

2k + 1 2k + 1 k\X
) < H ] - 4
wT( > z) ( T 1) < (T) 40)

that is small. Upon taking
1
K>» —— 41)

l1—n

it is in fact small enough to bound trivially. For slightly larger support we instead
appeal to the bounds of [27] on sums of Kloosterman sums, which are derived
from assuming GRH for Dirichlet L-functions. This gives Theorem 2.4. In fact,
the expression we get is exactly a weighted sum of terms appearing in [27] from
the Kloosterman terms of Petersson formulas. It would be interesting to find a
conceptual explanation for this.

The proof of Theorem 2.3 is a simplified version of the argument given in [2],
except considerably shortened—instead of delicate analysis of exponential sums,
we just use Euler—-Maclaurin summation. As one would expect our support is thus
smaller than that in [2], but the argument and main ideas are significantly easier
to see.

The proof of Theorem 2.5 follows from the previous results and another
application of the Kuznetsov formula, this time to the inner product of 7, with
T, with p, g primes.

3 Preliminaries for the Proofs

In this section we compute and analyze some expansions and resulting expressions
that are useful in the proofs of our main theorems. We start in Sect. 3.1 by using the
explicit formula to relate the sum over zeros to sums over the Hecke eigenvalues of
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the associated cusp forms. The weights and normalizations are chosen to facilitate
applying the Kuznetsov trace formula to these sums, which we do. After trivially
handling several of the resulting terms, in Sect. 3.2 we analyze the Bessel function
integral that arises. We then use these results in Sect. 4 to prove the stated theorems.

3.1 Calculating the Averaged One-Level Density

We first quickly review the computation of the explicit formula; see [27, 56] for
details. Let u € Ay, and for an even Schwartz test function ¢ set

— D logR
O(s) = ¢ (w . (“2)
2mi
Consider
A
/ <D(s) (s, u)ds. (43)
o=3
By moving the integration to o = —% and applying the functional equation, we find
that
A/
2[ Z(S, u)®(s)ds = Di(u, ) (44)
3
0=3

(use the rapid decay of ¢ along horizontal lines and Phragmen—Lindelof to justify
the shift). After expanding the logarithmic derivative out in the usual way, applying
the Kim—Sarnak bound, and noticing that A,, = )ui — xo(p) for y¢ the principal
character modulo N, this equality simplifies to

¢(0) log N + log(1 + ) ) loglogR 4 loglog N
log R logR

Di(u.9) = +¢(0) (

¢ lo £1
HZZ 7 ( ng)- (45)
=1 p p210gR logR

Thus, if wr is essentially supported on =< T (as are iy and Hy), the averaged
one-level density is (since ||u|| =< 1 under our normalizations, by Smith [58])

log(T?N) 0 loglog R + loglog N
log R logR

Dun g R = P 4 g0 )(

1 {1
+2 Z Z oEP ( ng) AVg(A e wr). (46)
=1 p pz logR logR

Notice the above computation tells us the correct scaling to use is R =< T°N.
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The difficulty is in determining the averages over Hecke eigenvalues. For this we
use the Kuznetsov formula for Zy. Let wr equal A or Hr.

Theorem 3.3 (Kuznetsov Trace Formula (See [33], p. 86)). Let m € Z%. Then

Z Am(u)wT(tu) — 8’";&/ rwr () tanh (7 r)dr
u R

2
v lull

1 / Gir(m, (ip))Gir (1, (ip))m"wr (r) dr
R

oS o Je GIPIE(+2in)
ip)p 5

sz(N)ZS(m,l,Nc)/ y (Mﬁ) rwr(r) dr

Nc cosh(mr)

(47)

where S is the usual Kloosterman sum, (ip),|y runs through all 0 < i, < 1 with p
ranging over the prime factors of N,

6ir(av (lp)) =
—1—2ir o
1" 3 xo(d mod [Ty p™™") )]
p dzir dl_[ ‘Np[p ’
pIN dla fE(Z/ l_[pw[’ipz)x 4
(48)
J is the usual Bessel function, and
1—i
. p 7 N
@I = = - (49)

pIN I+p V(N)leNplp

In our applications we always have (m, N) = 1 since we only take m = 1, p, or
p?, which means that the contribution from the principal character in the definition
of 6;- may be ignored. Also the inner sum in 6;,(a, (i,)) is of the form

§) _
;e%n:mxe(;) = umn) < 1. (50)

Hence, bounding trivially and noting that our m have at most three divisors, we find

—1

G, () < |[]r"] - (51)

pIN
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Also, by work of de la Vallée Poussin on the prime number theorem, ¢ (1 + 2ir) >
log(2 + |r|)~". Hence the second term in (47), the Eisenstein contribution, is

v(N 1
< ) Z . wr(r)log(2 + |r|)dr
N G [Lvr? Jr

v(N)T logT 1
0T 1)

PIN p
v(N)\?
_ ( ! ) TlogT. (52)

In our applications we will always divide these expressions by the corresponding
expression with m = 1, which gives the total mass of the family (“the denominator”
in the sequel). We will see that it is of order < T?v(N) (see Corollary 3.4). Hence,
since it will be divided by something of order =< T?v(N), the Eisenstein contribution
is thus negligible for N or T large.

Note that the diagonal term (that is, the first term of (47), with m = 1) is

v(N)/léer(r)tanh(nr)dr = T?*v(N). (53)

Hence to show the claim about the total mass it suffices to bound the last term of (47)
in the case of m = 1.

We have therefore reduced the computation of the weighted 1-level density to
understanding the “Bessel-Kloosterman” terms. We isolate this result below.

Lemma 3.2. Ifm = 1, p or p* is coprime to N and wr equals hy or Hy, then

> )L"’(”)WT(zM) = 1 (< T?N)

2
et [ul|
Lol (MW o T
(0]
N g

2i V(N) < S(m, 1;Nc) 4 /m\  rwr(r)
+; N Z c AJZH( Nc ) dr

= cosh(mr)

(54)

where 8, 1 - (x T2N) is the product of a term on the order of T*N with Kronecker’s
delta.
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3.2 Handling the Bessel Integral

As in [2], the technical heart of the analysis of the Kuznetsov formula is the
following claim, which relies on the analytic properties of iy and Hr; see Appendix
1 for a proof.

Proposition 3.3. Let T be an odd integer. Let X < T. Let wy equal hy or Hr, where
these are the weight functions from Theorems 2.2 through 2.5. Then

[0 2 = Z(—l)k12k+1(X)<2k+1)wT((k+ ) i)

k>0

+e T2 ) (=1 e (XK h(k) (55)
k>1
= o D 0kt D ((k+ 3 ) 1)
k>0
[+0 (xe™T)], (56)

where c1, ¢, and c3 are constants independent of X and T, and the terms in brackets
are included if and only if wr = hr.

Since Bessel functions of integer order are much better-studied objects than those
of purely imaginary order, this is a useful reduction. The calculation also realizes the
Kloosterman term in the Kuznetsov formula as a sort of average (though the “weight
function” is growing exponentially in the case of Hr) of Kloosterman terms arising
in Petersson formulas over all even weights.

For what follows we quickly note the following corollary, which determines the
size of the denominator (total mass) mentioned above.

Corollary 3.4. Let wr equal ht or Hr (as above). Then

> WTM(I”) T20(N). 57)

2
ez, Ml

Proof. 1t suffices to show that

V(N) 3 S, 1’NC) DG ( )(2k+ Dwr ((k+ %) i) < U(x)T.

c>1 k>0

(58)
To see this, we bound trivially by using

(x/2)*

Jk ()C) < X! 5

(59)
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and

C(2k+1 »
T 60
sm( 5T 71) > (60)

in the case of wy = hy.

4 Proofs of the Main Theorems

Using the results from the previous section, we can now prove our main theorems.
All arguments begin with the following reductions. We first use (46) to reduce the
determination of the 1-level density to that of sums of the weighted averages of A,
and A,>. We then use the Kuznetsov trace formula (Theorem 3.3) to analyze these
sums. By Lemma 3.2 we are reduced to bounding the contribution from the Bessel—
Kloosterman term, to which we apply Proposition 3.3 to analyze these exponential
sums. We now turn to the details of each of these cases.

4.1 Proof of Theorem 2.2

It suffices to study

. 2 2logp -+ (Zlogp) »(N) ZS(p[,l;Nc)
=5 ptlogR \ logR =1
£

> 1 (4: 2)(2k+1)wr (2"2“1'), 61)

k>0

and bound . by something growing strictly slower than v (). This is because we

get to divide this term by the total mass, which by Corollary 3.4 is of the order

T?v(N). As T is fixed, we are dividing by a quantity on the order of v(N).
Bounding trivially, we find

(Zn)2k+1 2k+1 2

v(N) 1 2log —
< = ZEZ (Zk)' Z Z P(N) +e—2k— 1pke

c>1 k>0 (= 1p4/2<Rn/2

(
v(N) Z (2m)%* wr (2k+ li) RnG+D)

Ni_e (2k)! 2 N?*logR
N71—3teT2n 2 p1—2
N)—————0r@NT) 62
<« v )logN—i-logTe (62)

As T is fixed, the above is negligible for n < 3/2, which completes the proof. O
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4.2 Proof of Theorem 2.3

It suffices to study

logp A Llogp St 1;¢)
ZZ (210gT)§ c

(=1 p leOgT

Y- 1)k12k+1< )(2k+1)hT(2"2+ 1i) (63)

k>0

and bound . by something growing strictly slower than 72. This is because N is
fixed, so by Corollary 3.4 the denominator that occurs in the weighted averages is
on the order of T2,

In [2] (see their (43)—(46)—for the convenience of the reader, this argument is
reproduced in (Appendix 2), it is proved that

PRI ( ) -+ i (24

2
k>0
=it 3 e(vsin (%)) i (G eos (1) ) + 00
|or|<
=1 c4sTSu(Y) + O(Y), (64)

where }:z(x) := x*h(x) and Y := 2p*/?/c. We apply the Euler-Maclaurin summation
formula to the first term, yielding

In differentiating the expression

(rsin ()3 (s (5)
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k times, the worst case is when we differentiate the exponential every single time
. k . .
and pick up a factor of (%) ; otherwise, we gain at least one factor of T (remember

that Y should be thought of as order 7). Hence we may bound the error term by

/— (e (rsin (7)) (7 o (%)))%

Taking M > 1 + 171,7 the error term is thus O (Y/T).

Next, by the same analysis, in the second term of (65) we either differentiate the
exponential every single time, or we gain a factor of 7' from differentiating / or one
of the cos (ra/T)’s produced from differentiating the exponential. Thus, since we
differentiate at least twice, all but one term in the k-fold derivative is bounded by
Y/T?. The last remaining term, obtained by differentiating the exponential k times,

Y M
do < (?) T. (67)

vanishes because 7 has a zero at 0.
Hence it remains to bound the first term of (65). This we do by integrating by

parts, via
¢ (x) - L ¢ (x) &)/
/e 'f (x)dx Zm'/e (¢’(x) dx. (68)

< =. (69)
Hence we obtain the bound
Y
Si(Y) K T (70)

Thus

4pt/? 2k + 1, t/2
Z(—l)khkﬂ( P )(2k+1)hT( : 1) <« ”T. 1)

Cc
k>0
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That is, this tells us that
ZZ logp (“OgP)ZS(P[,l;C)
> ‘3/2logT 2log T = c
4rptl? 2k + 1
S0 () @t e (244)

k=0
2
logp Llogp e pt/?
2 R
< Zzp‘/zlogT (ZIOgT Z
(=1 p

2
logp
€2 D it
e=1 pt/2<Tn
T2
logT"

(72)

For < 1 this is negligible upon division by the total mass (which is of order 7?),
completing the proof. O

4.3 Proof of Theorem 2.4

Before proceeding it bears repeating that the same limiting support as K gets large
(namely, (—1,1)) can be achieved by just trivially bounding as above (that is,
without exploiting cancelation in sums of Kloosterman sums), but we present here
an argument connecting the Kuznetsov formula to the Petersson formula as studied
in [27] instead.

It suffices to study

XZ:Z logp Llogp ZS(pl,l;c)
p Z/zlogT 2logT ) % c
2%+ 1,
DAE 1>kJ2k+1( )(2k+1)HT( . z) (73)

k>0

and bound .7 by something growing strictly slower than 72. Let

. drem,/p\ ~ (logp\ 2logp
*(m;c) = 2mif E S, I; )i , 74
Oy (m; c) Tl - (p. 1:.0)Ji l( c )¢(10gR J/PlogR 74
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exactly as in [27]. Then this simplifies to (dropping overall constants)

S Y @k + 1>H( ) 05x(1:0) 75)

c>1 k>0

if we ignore the £ = 2 term, which is insignificant by, e.g., GRH for symmetric
square L-functions on GL3/Q (as in [27]).
In Sects. 6 and 7 (see (7.1)) of [27] they prove

Theorem 4.1. Assume GRH for all Dirichlet L-functions. Then

QF(m;c) <K Pr(z)mTk  (log(2c)) > (76)
where
27k k> 3z
Vi(2) = - (77)
¢ kY2 otherwise
and
47T
z = nc . (78)

Hence the sum over ¢ now converges with no problem, and we may ignore it.
What remains is

T”Z(2k+l)H(2k+ ) (ke

k>0
i 2k+1 kl+eH 2k+1
:T”( Z ke+%H( o7 z)+ Z %T) ) (79)
0<k K TN

" <Lk

The second term in parentheses poses no problem. For the first term, using
H(x) < xX for 0 < x < 1, we see that the above is bounded by

T Z ketatKp—K <« T3n—(-nK (80)
0<k < T
Thus we need
24+ K 1
n< =8 . (81)

2+K 542K
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Again, by taking K even larger we could have just trivially bounded throughout and
not invoked [27] or GRH, but the connection noted above may be of independent
interest.

4.4 Proof of Theorem 2.5

By definition

Dr(u, 1.¢2,.R) = Di(u,$1,R)D;(u. 2, R)
— 2D (u, 192, R) + 6.191(0)92(0). (82)

Averaging, we see that for 4/5\1 and ¢/>\2 of sufficiently small support (actually (—%, %)

would work fine), given our results above on one-level densities, up to negligible
error

Dz(%’l,d’l, ¢2’R; WT) = Avg (Dl(u, ¢1,R)D1(u,¢2,R); WT(tLl))

[[ue] |2
— (1= A (=1))¢1(0)2(0) — 21 * $2(0) + o(1). (83)

Now

Di(u,¢1,R)D1(u, 2, R) =

log(l + ¢ (0) 210gp Llogp
( 1(0) 1 ZZ Ay (logR ))

=1 p pzlogR
log(l + ) ¢2(0) 210gp ~ (Klogp)
+ A . 84
(¢2( ) ;1 Ep TlogR Aptr log R (84)

Since wr is supported essentially around 7, < 7, the log(1 + 2) terms are all, up
to negligible error, approximately log R (again we invoke the bound of [58] on the
L?-norms occurring in the denominator). Also by an application of the Kuznetsov
formula, now with the inner product of two Hecke operators (namely 7, and T
for p, g primes and 0 < £, ¢’ < 2—this uses the results on the Bessel-Kloosterman
term established above), we see that the resulting average is, up to negligible error,

Avg (Dl(M ¢1,R)D(u, ¢2, R); M|}|T(|t|u)) =

$1(0) $2(0) 410gpA Llogp\ ~ (Llogp
(s (s 12) 2 () (1)

(85)
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That is, only the diagonal terms p¢ = qe/ matter. Now partial summation (and the
prime number theorem, as usual) finishes the calculation.

Appendix 1: Contour Integration

We prove Proposition 3.3 below. We restate it for the reader’s convenience.

Proposition 5.1. Let T be an odd integer and X < T. Let wr equal hy or Hr, where
these are the weight functions from Theorems 2.2 to 2.5. Then

/RJz,-,(X)L(r)dr = o Y (=)Mo X2k + Dwy ((k + 1) i)

cosh(zr) = 2

+ 6Ty (=D Nur (0K h(k) (86)
k>1
= (1 Z(—l)k.lzk.H(X)(Zk + I)WT ((k + %) l)
k>0
[+0 (Xe™T)], 87)

where ¢, ¢, and c3 are constants independent of X and T, and the terms in brackets
are included if and only if wy = hr.

Proof. In the proof below bracketed terms are present if and only if wy = hy.
Recall that

(_1)mx2m+a

Ja(2x) = rgm (88)

By Stirling’s formula, I"(m + 2ir + 1) cosh(zrr) > |m+ 2ir + 1|’”+%e_’". Hence by

the Lebesgue Dominated Convergence Theorem (remember that wz(z) is of rapid
decay as |Nz| — oo0) we may switch sum and integral to get

/ Py ()220,
R

cosh(mr)
1™ 2m 2ir
-y G / x7rwr(e) dr, (89)
= m! r I'(m + 1 4 2ir) cosh(rrr)

where X =: 2x.
Now we move the line of integration down to R — iR, R & Z + % (and & TZ if
wr = hy). To do this, we note the estimate (for A > 1)
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X2 rwr(r)
- dr K / "R |r||m + 2ir
/;:A—>iA—iR I"(m+ 1+ 2ir) cosh(rr) +A—>+A—iR

F 172 fwr(r)|dr
< T,RA_Z, (90)

where again we have used the rapid decay of wy along horizontal lines, and B —
B —iR denotes the vertical line from B € C to B—iR € C. (Rapid decay also ensures
the integral along R — iR converges absolutely.)
Note that the integrand
x2irrWT (r)
I'(m+ 1+ 2ir) cosh(zr)

oD

has poles below the real axis precisely at r € —i(N + %) = {—%i, —%i, ...}, and, if
wr = hy, poles also at r € —iTZ™. The residue of the pole at r = —%i k>0
is, up to an overall constant independent of &,

X+l 2k + 1
—DFQ2k+1 i) . 92
Tt ix sy ek )WT( 2 ’) ©2)
If wp = hr, the residue of the pole at r = —ikT (k > 1) is, up to another overall
constant independent of k,
2kT hk 2kT
al e _ al RTh(k).  (93)
I'(m+ 1+ (2kT)) cos(wkT) I'(m+ 1+ (2kT))

Hence the sum of (89) becomes

Z (_l)mx2m / x2irrWT(r) p
r
m! r I'(m + 1 4 2ir) cosh(mr)

m=>0

= ¢ ZM 3 o (—D*2k + Dw
6 m! F(m+1+ k+ 1)) r

m>0 0<k<R
2k 1 2ir
+ i)+ [ al er(r) dr
2 r—ir I'(m + 1 4 2ir) cosh(mr)
(_l)mx2m xsz P
+er Yy > (=D*T?h(k) | ).
|: = m! TR I'(m+ 1+ (2kT))

(94)
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Now we take R — oo. Note that

2ir
x*rwr(r) 2R . —m—1—2R
dr < 2 1 27
A_iR I'(m+ 1+ 2ir) cosh(zr) "< /R_ikx Irlwr (r)llm + 2ir + 1| :

K PRH RITITR, 95)

again by Stirling and rapid decay of wr on horizontal lines (that is, wr(x + iy) <
(1 + x)~*e3 since both & and H have all their derivatives supported in (—1, 1)).
This of course vanishes as R — oo.

Hence we see that

rwr(r)
/ S (X )cosh(nr)
_ (_l)mem x2k+1 L 2% + 1 '
- cgn;) — ;F(m+l+(2k+l))(_1) (2k+1)wT( 1)
(_l)mx2m x2kT -
+c9m§ m! ;F(m—i-l—i-(ZkT))kTh(k) ‘ 96)

Switching sums (via the exponential bounds on wr along the imaginary axis) and
applying J,(X) = >_ ety gives us the claimed calculation. For the bound

m=0 " m!(m-+n)!
on the bracketed term, use

yrens/ 17
(14 1=y>)"

J.(ny) < 97)

(see [1], p. 362) and bound trivially.

Appendix 2: An Exponential Sum Identity

The following proposition and proof are also used in [2].

Proposition 6.1. Suppose X < T. Then

SiX) = T (=D e (0 -

k>0 T
= 1T Z (Ysm ( )) § (g cos (%)) + O0(Y), (98)
|0‘|<7

where cyg is some constant, g(x) = sgn(x)h(x), X =: 2xY, and for any f set

F@) = (0.
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Proof. Observe that k +> sin (k/2) is supported only on the odd integers, and
maps 2k + 1 to (—1)*. Hence, rewriting gives

= ( k\ sin (”—k)
S;X) =T JXh | — 2 99
5 (X) Z (X) (ZT) in (21) (99)
kE2TT
Since
) =1
Sin (%k) E”le —e ”le 2 n[]/fo:
= = 100
sin (ﬂ—;() egy"( —e 75;15 Z ¢ ( )

when k is not a multiple of 27, we find that

S50 =T Y e (IZC—OT‘) T(X)h (%) (101)

‘lTk>0

2 kg2TZ

Observe that, since the sum over « is invariant under « — —« (and it is non-zero
only for k£ odd!), we may extend the sum over k to the entirety of Z at the cost of a
factor of 2 and of replacing & by

g(x) = sgn(x)h(x). (102)

(This is because of the identity J_;(x) = (—1)*Jx(x) and the fact that we need only
consider odd k.) Note that g is as differentiable as A has zeros at 0, less one. That
is to say, g decays like the reciprocal of a degree ord,—( 4(z) — 1 polynomial at co.
This will be crucial in what follows.

Next, we add back on the 277 terms and obtain

1 k ) )
3500 = 70 Y (55 ) 5007 (57 ) - 1 X sar G
ot ‘<T kEZ kEZ
k
=T Z Z ( )Jk(X)g( )+0(Xe—C“T)
|a‘<T kEZ
=: V;(X) + O (Xe—"'T), (103)
where we have bounded the term 72 Y, ., Jur (X)k*h(k) trivially via J,(2x) <
x"/nl.
Now we move to apply Poisson summation. Write X =: 27Y. We apply the

integral formula (for k € Z)

Ji2nrx) = [il e (kt — xsin(2nt)) dt (104)

—2
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and interchange the sum and integral (via rapid decay of g) to get that
V,(X) =T Y, f (— + kt) (i) e(=Ysin(2wn)dr.  (105)
’ lo| <1 keZ 2T .

By Poisson summation, (105) is just (interchanging the sum and integral once

more)

ViX) =Ty / 21 8" QT(t — k) + ) e (—Y sin(271)) dt

lo|< T keZ T2

- CIZTZ/ g”(t)e Ysm(” ”Ta))dt

|oc|<
= Cqu(X). (106)
As
sin (Tl’t N na) _ sm(]‘[Ol) N ot cos (na) w2 sin (n ) 1o &
T T/ T T T 272 T 73 )’
(107)
we see that
W, (X)
. (T N Yt o
= C]3T Z E(YSIH (7)) /_oo "(t)e (— Cos (7)) d

+0 Y+Y2 (109)
T 1)

Now bound the second term trivially to get the claim.
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Appendix 3: 2-Level Calculations

The purpose of this appendix is to provide additional details to the 2-level
computation of Sect. 4.4. Letting

_ 2, () logp » (logp
Si(uj, i) = Z p'/2log R o logR
P

2A,2(uj) logp ~ (2logp
i» Qi) ‘= - i 11
S2(uj, i) EP plogR ¢ ( log R ) (110)

and summing over the family, a standard calculation reduces the determination of
the 2-level density to understanding

h lo ( + ) c(i c(i
hr(t;) Z ) l_[ [ g— — 8. i) — 5 (wy. 1)

2
ZJ Til? ”
2
0 (lolgloiR)] (a1
0og

(the other terms are straightforward consequences of the combinatorial book-
keeping from the inclusion—exclusion argument), where c(1) is the identity map
and ¢(2) denotes complex conjugation.

We can move the factor O(loglogR/logR) outside the product at the cost
of an error of the same size outside all the summations. To see this, since
O(loglog R/ log R) is independent of u; these terms are readily bounded by applying
the Cauchy-Schwarz inequality. Letting % represent any of the factors in the
product over i in (111), the product involving this is O(loglog R/ log R):

Z hr (% ) loglogR
ll’) 7 | J||2 logR
1/2 1/2

hr(t) loglog R\’ 1 he (@)
< > /ﬁr(,,)Z”u]”z log R ' ) £ IIMJ'IIZW|

hT(
Z:/ flu

loglog R hr(t)
< 0( lf’; i ) hr(w T(”fz . (112)
g 3. -

J w2




Maass Waveforms and Low-Lying Zeros 51

We now analyze the four possibilities for the sum involving |.7|2. If . is either

log(1+ . . . .
$:(0) Ogli Rt ) rO <1°1g0 lgOI%R ), this sum is trivially O(1), and thus the entire expression

is O (%). We are left with the non-trivial cases of .¥ = S; or ¥ = §,. To

handle these cases, we rely on results that we will soon prove in lemmas below: for
sufficiently small support |S;|> = O(1) and |S,]|?> = o(1). Note that we use these
lemmas for ¢ = ¢;¢; instead of the usual ¢ = ¢;¢,, but this does not affect the

proofs, and thus we may move the O 1°gl°gR

) factor outside the product.

By symmetry, it suffices to analyze the followmg terms to determine the 2-level
density:

hr(t) > g(1+1)
hT(lj) Z I J||]2 ¢l(0)¢2(0) (T)

Z/ llugj 112
hT(t]) g(l + th) '
% ’ﬁzﬂ?; L T O gy 4 k1.2
ha(t) -
hr(t,) Z ||sz(”jv¢1)Sl(Mj,¢2) k£ e {l,2}. (113)
ZJ TeZ

We now analyze these terms. For small support, a similar analysis as performed
earlier in the paper shows that the first term in (113) satisfies

hr(t) = ogl +1)\" _ 1
,(m Z [z (050 (T = $1(0)$2(0) + 0 (1 ogios R)
(114)

2T

We next handle the terms where we have exactly one S-factor.

Lemma 7.1. For sufficiently small support, the ‘El (0)S1(uj, ¢2) and q?l (0)S2(uj, ¢2)
terms are O(loglog R/ log R), and thus do not contribute.

Proof. The proof is almost identical to the application of the Kuznetsov trace
formula to prove similar results for the 1-level density, the only change being that
now we have the modified weight function Ar(z;) log(1 + tlz)

‘We now turn to the more interesting terms in (113). We first handle the second
term.

Lemma 7.2. For sufficiently small support,

hr (1 S — RN loglogR
S Ti“ﬁ’z) )3 81 805080 = 2 [ Ll e +0 (SE T ).
' (115)
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Proof.

h -
Z T(|t|12 S1(uj, @1)S1(uj, ¢2)

_— hr (1) lel(u,)kpz(u,) logp: 10gpz b (1221 4, (logr2
~ o2 V2ph? log’ R logR ) "\ logR
J p1.p2 P g

1 logpilogp; » (logp P log p> hr (1)) —
242 1/2 1/2 long 1 log R log R Z szm(uj)lpz(uj)

mpzpl

(116)

As before, we apply the Kuznetsov formula to the inner sum. Since the formula has
a 8p, p,» we need to split this sum into the case when p; = p, and the case when
p1 # p». For small support one easily finds the case p; # p, does not contribute;
however, the case p; = p, does contribute. Arguing as in the 1-level calculations,
after applying the Kuznetsov formula we are left with

Llog®p ; (logp) 5 (logp / a2 loglog R
! =2 dz+ o —=——==)
Zplog R (logR ¢2 log R . |2l¢1(2)p2(2)dz + oz R

(117)

(the equality follows from partial summation and the Prime Number Theorem, see
[42] for a proof).

Lemma 7.3. For small support, the contribution from the Si(uj, $1)S¢(u;, ¢2) terms
is O(loglogR/1ogR) if (k,£) = (1,2) or (2,2).

Proof. The proof is similar to the previous lemma, following again by applications
of the Kuznetsov trace formula. The support is slightly larger as the power of the
primes in the denominator is larger.
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Abstract Extending a previous result, we show that, for the friable summation
method, the Fourier series of any normalized function F with bounded variation
on the unidimensional torus converges pointwise to F' while avoiding the Gibbs
phenomenon. We also prove that the convergence is uniform when F is continuous
and provide an effective bound for the rate when F satisfies a uniform Lipschitz
condition.
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1 Introduction et énoncé des résultats

Soit VB*(T) la classe des fonctions F qui sont 1-périodiques, a variation bornée
sur T = R/Z, et normalisées par F(}) = %{F(ﬁ—k) + F(¢¥—)} aux points de
discontinuité. Nous nous proposons ici de généraliser aux fonctions de VB*(T)
le théoreme 5.1 de [2] relatif a la convergence friable des séries de Fourier et
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a I’absence de phénomene de Gibbs (voir par exemple, [9], vol. I, §I1.9, ou [6],
chapitre 17) pour ce procédé de sommation.

Désignons par P(n) le plus grand facteur premier d’un entier naturel n = 1,
avec la convention que P(1) = 1. Nous notons a,(F), b,(F) les coefficients de
Fourier d’une fonction F de L! (T), et, pour toute y = 2, nous définissons la suite
des sommes partielles friables de la série de Fourier de F par

F(9:y) 1= ao(F) + Y {an(F) cosQmni¥) + b,(F) sin(2n)} (1)

P(n)<y

pour toute valeur de ¥ ou cela posséde un sens. C’est en particulier le cas si
F € VB*(T) puisque |a,(F)| + |b,(F)] <« 1/n, ce qui implique 1’absolue
convergence de la série (1) pour chaque y > 2.

L’étude de la convergence de F(¥;y) lorsque y tend vers ’infini s’inscrit dans
le cadre plus général de celle de la convergence friable des séries. Formellement
introduit dans [3] puis dans [4], ce procédé de sommation' consistant & définir
la somme comme limite, lorsque le parametre de friabilité tend vers I’infini, des
sous-séries restreintes aux entiers friables, a été étudié dans [1] puis de maniere
systématique dans [2]. Au théoreme 5.1 de [2], nous avons établi la convergence
simple de F(¢};y) vers F(¢) pour toute fonction F de VB*(T) sous réserve que
la dérivée presque partout de F soit dans U,-1L*(T). Le but de la présente note
consiste a relacher cette derniere condition.

Il est relativement facile d’exhiber des exemples de fonctions discontinues F
appartenant a3 VB*(T) ~ Uy L*(T): si f € L'(T) ~ Ug>1L*(T), on peut choisir

D4
FO) := /0 F()dt + B().

Un exemple de fonction f admissible est fourni par

£(0) = Z cos(27m19). )

logn
n=2 og

En effet, un théoreme classique concernant les séries trigonométriques
3 ez ane®™™ dont la suite des coefficients est paire et vérifie identiquement
Gn_1+a,+1 = 2a, (voir [5], théoreme 1.4.1, ou [9], vol. I, théoréme V.1.5) implique?
f € L'(T) alors que, pour tout & > 1, posant 7 := min(2,«), s := r/(r — 1),
I’hypotheése f € L*(T) impliquerait f € L'(T) et donc (cf., par exemple, [5],
théoréeme 1.4.7)

'Désigné dans ces travaux sous le nom de P-convergence ou P-sommabilité.

20n peut aussi établir directement via la formule d’Euler—Maclaurin que, pour 0 < |¢] < %, ona

F(@) K 1/{d(log 9)*}.
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D o) < oo,
nez

une condition manifestement en défaut pour la série (2).
Nous désignons par ¢ la fonction de Dickman,® posons |v| := min,ez |v — 7|
(v € R) et notons

sin(2mwnd
By = - Y, e 3)
P(n)<y

la somme partielle friable d’ordre y de la série de Fourier de la fonction de Bernoulli

B(ﬁ)zzsin(anﬂ)z{(ﬂ)—%siﬁgéz, @)

Tm 0 sivez,

m=1

ol () désigne la partie fractionnaire du nombre réel 9.

Théoreme 1.1. Soit F € VB*(T). On a, uniformément pour % € Rety = 2,

F(ﬁ:y)—F(ﬂ)=A%g(%)—l}B(v)dF(ﬁ—v)%—O(@). 5)

En particulier, on a

lim F(d;y) = F(¥) ¥ eT), (6)
y—=>00
lim sup F(¥;y) = sup F(9). @)
YO e BET

De plus, si F est continue, alors F(-;y) tend uniformément vers F.

Remarque. Bien que 'on ait (7), la convergence de F(¥;y) vers F(§) n’est
en général pas uniforme: il est facile de voir que la série F(¢;y) converge
uniformément et donc que, pour chaque y = 2 fixé, F(¢};y) dépend continiiment
de ¢. 1l est cependant & noter que, contrairement a la situation classique, la
convergence demeure exploitable au voisinage des discontinuités : alors que 1’on
sait, classiquement, que la somme partielle d’ordre y de la série (4) n’approche pas
le membre de gauche pour, par exemple, ¥ = 1/y, on déduit de (5) que

B(1/y;y) —B(1/y) < 1/logy (y=2).

3Voir par exemple [7], chapitre IIL.5. Rappelons que o est la solution continue de 1’équation
différentielle aux différences uo’(u) + o(u — 1) = 0 avec la condition initiale o(u) = 1
O<u<l).
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Sous une hypothese supplémentaire de régularité pour F, nous pouvons préciser
la vitesse de convergence de F(-;y) vers F.

Théoreme 1.2. Soit « > 0. Si F € VB*(T) est uniformément lipschitzienne
d’exposant o > 0, on a

1
rgg%IF(ﬁ:y) —F@)| < ar v=2). ®)

2 Preuve du Théoréme 1.1
Pour toute fonction F' de VB*(T) et tout entier n > 1, on a

a,(F)cos2ant) + b,(F) sin(2Qrny) = 2/ cos(2rn(® — v))F(v)dv
T

:_/wdp(v):_/MdF(ﬁ—v).
T T mn

mn

Cette quantité étant trivialement < 1/n, on peut sommer pour P(n) < y. On en
déduit que I’on a, pour touty = 2,

FOi3) = o) + [ By dro =) ©)
Par ailleurs, une simple intégration par parties fournit, des que F € VB*(T),
F() = ao(F) + /TB(v) dF (¥ —v). (10)
En effectuant la différence de (9) et (10), nous obtenons
F0iy) = F0) = [ D100 dFo ). (a1

ou I’on a posé
Vi(#:y) := B(d:y) — B(D). 12)

Or, nous avons établi dans [2] que 1’on a, uniformément pour ¥ € R,

1
Vi(9:3) = {eus,) — B@) + 0(( ). (13)
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ol nous avons posé

P L LT PO

logy

et convenu que u y =00 si ¥ € Z. 1l s’ensuit que

F@:y) —F@) = /T{Q(u?f_y) — 1}B(v) dF (¥ —v) + Or(1/ logy). (14)

Comme {o(u;,) — 1}B(v) tend simplement vers 0 sur T, la relation (5) implique
clairement (6), en vertu du théoréme de la convergence dominée.
Montrons maintenant (7). Il résulte immédiatement de (6) que

lim sup sup F(¥;y) = sup F(¥).
9

y—>00 ¢

11 suffit donc de prouver 1’inégalité inverse. Nous pouvons supposer sans perte de
généralité que ao(F) = 0. Posons

F0) = [ ol )Bw)aF© — o),
de sorte que, par (10) et (14), on a

SI;p |F(9:y) — F,(9)| < 1/1logy (v = 00).

Comme I’application v > o(uj; ,)B(v) est continue sur T, Fy, () est, pour chaque y,
une fonction continue de . Elle atteint donc son maximum en un point . Quitte a
extraire une sous-suite, nous pouvons supposer que

limsupsup F(¥;y) = lim Fy(dy)
y—>o0

y=>oo 9
et que v, tend vers une limite ¥ € T. Quitte a changer F(¢) en F(J — ), nous
pouvons encore effectuer 1’hypothese que ¥y = 0.
Soit §f := F(0+) — F(0—) le saut de F en 0. Posons
H®) =1+ 9] — 112(9)

de sorte que F:=F— 8rH est continue sur Z. Pour ¢ € T, nous avons

Fy(9) = [E o(u},)B(v) dF (9 — v) + 8ro(} )B(D). (15)
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*

Comme Q(uv.y

)B(v) tend simplement vers B(v) sur T avec une convergence

uniforme sur tout compact de T ne contenant pas 0, et comme F est continue en 0,
ona

lim / o(u® )B(v) dF (9, —v) = / B(v) dF(—v).
oo Jr - ’ T
11 suit
F,(9,) s/B(v)dTﬁ(—u)Jr 118F] + o(1).
T
Or, en faisant tendre y vers I’infini dans (15), nous obtenons successivement
F(0+) = / B(v) dF(—v)F18r,  max{F(0+), F(0-)} = / B(v) dF(—v)+1184.
T T

On en déduit que

Fy(¥y) < max{F(0+), F(0—)} 4+ o(1) < supF(¢) + o(1).
?

Cela acheve la preuve de (7).
Lorsque F' est continue, et puisque o(v) = 1 pour 0 < v < 1, la relation (5)

implique

F+1/y

F(9:3) — F(9)| < /

1
dF|(1) + o —),
19—1/y| | <10gy)

ou la constante implicite ne dépend que de F. Comme F est continue, et donc
uniformément continue en vertu de la compacité du tore, il en va de méme de sa
variation. La derniere intégrale tend donc vers 0 uniformément en 9.

3 Preuve du Théoreme 1.2
Sous I’hypotheése que F est a variation bornée sur T et satisfait une condition de
Lipschitz uniforme
F(9 4+ h) — F(¥) < |h|*, (16)

ou o > 0 et la constante implicite est indépendante de ¥ € T, un théoréme de
Zygmund ([9], vol. I, th. V1.3.6) implique que la série de Fourier de F, i.e.

F@) =) culF)e(nd), (17)

n€Z

avec la notation familiere e(r) := e>*" (t € R), est absolument convergente.
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En fait, la démonstration de Zygmund fournit, sous la seule hypothese que F est
a variation bornée, la majoration

Yo e < 5VVror(1/2F) (v e NY), (18)

2v—l<|n|<2Y

ou Vp désigne la variation totale de F sur T et i — wp(h) son module de continuité.
Pour la commodité du lecteur, nous reproduisons ici la courte preuve de [9].
Soient v = 1, N := 2"+ Pour tout ¢ € T, nous avons

5 [#(o+£)-#(0+ S5 <vior(})

N N <X VFWF N .
1<k<N

En intégrant sur T, nous obtenons

1
4N E e, (F)|? sin? (E < Vew —).
nez N ) ' F<N

Nous en déduisons (18) en observant que, pour N/4 < |n| < N/2, nous avons
V2/2 < |sin(n/N)| < 1

et en appliquant I’inégalité de Cauchy—Schwarz.
Sous la condition (16), nous déduisons immédiatement de (18) que

1
Yola®l <r o5 =1 (19)
y

|n|>y

Posons
Fy(®) := Z ca(F)e(nd),
|n|<N N=1,0€T,y=2).
Fy@:y) = Y cu(F)e(md)
|n|<N
P(Inh<y

Pour tous # € T, N = 1, nous avons, par (11),

1
Fx(@:y) = Fy@®) == ) c(F)emd) < a2 20
Inl<N

P(|nl)>y

ou la majoration découle de (19), la constante implicite étant donc indépendante
de N.
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Comme F € VB*(T), on ac,(F) < 1/n pour tout n € Z*, donc Fy(¢;y) tend
simplement vers F(; y) lorsque N tend vers I’infini. D apres le théoréme de Jordan,
il en va de méme de la convergence de Fy () vers F(}). Nous obtenons donc (8)
en faisant tendre N vers I’infini dans (20).
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Abstract We discuss recent conjectures of T. Ordowski and Z.W. Sun on limits of
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p = 1 mod 4 be a prime and let p = a; + b be the unique representation with
positive integers a, > b,. Then the following holds:
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For k = 1 this proves, but for k = 2 this disproves the conjectures in question.
We shall also generalise the result to cover all positive definite, primitive, binary
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1 Primes and Quadratic Forms

Tomasz Ordowski (see Sun [12], Sect. 6) conjectured:

Conjecture 1.1. Let p = 1 mod 4 be a prime and let p = a, + b, be the unique
representation with positive integers a, > b,,.

—lmod4 @
(@) lim ZpsN.p_l odi /5

N=00 N, p=1mod 4 Dp
2
D_p<N.p= a 9
. <N, p=1 mod 4
(b) lim =2==P Z =—.
N—-o0 prN, p=1 mod 4 bp 2

Z.W. Sun [12] stated a number of related conjectures for other quadratic forms,
including the following:

Conjecture 1.2 (Sun).  Let p = 1 mod 3 be a prime and let p = x> 4 x,y, + ¥, be
the unique representation with positive integers x, > y,.

2

— X,
. <N,p=1 mod 3 *P

(a) lim =P==P =1+ /3,
N—o0 p<N,p=1 mod 3 Yp

) Jim Srstesimn%y 52

2
N—o0 ZpSN,pEI mod 1 yp 9

This conjecture can also be found in the comments on sequence A218585 in [10].
Sun further remarked that numerically

3 4
ZpgN,pEI mod 3 xp ZpgN,psl mod 3 xp

3 ~ 11.15 and Ilim

p<N,p=1mod 1 yp N—=o0 ZpgN.pEI mod 1 yp

lim ~ 20.6.

N—>00

In this paper we will show that these limits exist and how one can evaluate

them. Cases (a) of both conjectures turn out to be true, but cases (b) of both

conjectures are wrong. It seems to us that the authors guessed the values based on

some experimental data, but without theoretical justification. For the two quadratic

forms above we will determine the nature and value of the sums for k-th moments.
Throughout the text k denotes a positive integer.

Theorem 1.1. Let p = 1 mod 4 be a prime and let p = aI% + bf, be the unique
representation with positive integers a, > b,. Then

k 4
L. = lim ZpsN.pElmocMap _ foﬂ/ COSk()C) dx
k=

N=00 3, p=1 mod 4 O f0”/4 sinf(x) dx

For k = 1 this value is indeed 1 + /2. For k = 2 the value is ’;—”_L; which is about
4.50388. Here is a small table of exact and numerical values.
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k | Exact value Approx. numerical value
1 [14+42 241421
2

) | I 450388
T —2

31254442 7.61204
3

g |78 12.2298
3r —8

5 1 (434/2)/(64 — 434/2) = (43 + 324/2) 19.0701
1 44

6 | Lomtdd 29.1700
157 — 44

7 | (1774/2)/(256 — 1774/2) = {Z(177 + 128+/2) | 44.0371
217 + 64
2+ 64 65.8612
217 — 64

Remark 1.1. The method of proof can be easily adapted to prove a slightly more
general result: Let 0 < C; < C, be nonnegative constants. Let p = 1 mod 4 be a
prime and let p = a12, + bf, be a representation with positive integers Cy a, < b, <
C, a,. Then (counting representations with multiplicity if C; < 1 < C5)

k arctan Cy k
b (C C ) ‘— 1im prN,pE] m0d4ap _ faxctanCl cos ()C) dx
kL1, L2) .=

N—00 _ bk~ ractanCa .k :
p=<N.p=1mod 4 “p farcta.n Cq sin ()C) dx

The special case C; = 0, C, = 1 immediately gives Theorem 1.1.

Remark 1.2. 1t is possible to investigate the number theoretic properties of the
integers in the related sequences. For example, the coefficients of m in the
expressions

241 —
8 k=

/4 8+3n
cosf(x)dx = 3

0 11 4 107
48 128

5 351 _
ntsm k=8

etc. lead to the sequence 1, 3,10, 35,126, ... which is well studied, with a lot of
further comments and connections stated in the Online encyclopedia of integer
sequences, sequence, A001700 [10].

On the other hand, for k = 2¢ we find that I, = (A7 + By)/(A¢ — B;) where
Ay is the sequence

1,3,15,21, 315, 3465, 45045, 15015, 765765, 14549535 . ..

which is, at the time of writing, not in the OEIS. However, the sequence is very
closely related to sequence A025547, least common multiple of {1,3,5,...,2n —
1} : 1,3,15,105,315, 3465, 45045, 45045, 765765, 14549535, 14549535, . . .. The
relation to this sequence is quite natural by the recursive nature of the integrals.
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(Expanding the fractions would enlarge 21 to 105 and 15015 to 45045.) We do not
follow any of these paths further.

We now study two properties of the values of I;:

k
Corollary L1 Let I = limy o 2= oy [ e Q(v/2), with Iy

_ ok
p=<N,p=1mod 4 “p
irrational, when k is odd, and I, € Q(m), with I transcendental, when k > 2 is

even.
The following result states the asymptotic growth of I;:

Theorem 1.2. As k tends to infinity, we have the following estimate:

1
2
I ~ (”—zk) 2k12 (1)

We now come to Conjecture 1.2. A consequence of our main theorem below
(Theorem 1.4) is the following which we state as a result in its own right.

Theorem 1.3. Letp = 1 mod 3 be a prime and let p = xf, +X,¥p +y12, be the unique
representation with positive integers x,, > y,. Then

prN,pEl mod 3 x]; _ U(k)

Jk = lim = s
N—o00 ZpgN,pEI mod 3 yfz V(k)
where
/6
U(k) = / («/§ cos x — sinx)¥ dx
0
and

/6
V(k) = 2* / sin® x dx.
0

In particular this gives

k | Exact value of J; Approx. numerical value
1 [14+43 2.73205
2

2 | — 5.78012
27 —34/3

3| 5(67+454/3) 11.1494
2(v/3-2

4 | AY3=2m) 205927
7+/3 — 4x

5 | =55(1837 + 11134/3) |37.1698
943 —10

6 | /310 66.2204
184/3 — 107

Again, part (a) of the conjecture is correct, while (b) is not.
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Theorems 1.1 and 1.3 above, and many others, are consequences of the following
general result. Before stating this we need to make some comments on the
uniqueness of representations. In the examples above the representations are unique,
but it is easy to find forms which give two representations. For Theorem 1.3 if
we had considered instead Q(x,y) = x*> — xy + y* so that Q(x,y) = Q(x,x — )
and thus 0 < y < x is equivalent to 0 < x —y < x. We thus obtain two
representations for every representable prime. Similarly, if instead of x> + y* we
considered (x — y)? + y* = x> — 2xy + 2y*. We note that x*> — 3xy + 3y? gives four
different representations with 0 < y < x of primes p = 1 mod 6. The worst case
forms are ax? + bxy + cy® with 4ac —b*> = 3 and b large and negative. For these we
have 5 or 6 representations. For example, with Q(x, y) = x> — 7xy + 13y? we have

109 = Q(8,5) = 0(16,7) = Q(27,5) = Q(33,7) = Q(41,12) = Q(43,12)
(6 representations),
103 = Q(17,2) = 0(25,9) = Q(35,11) = Q(38,9) = Q(42,11)

(5 representations).

We therefore need to state our general theorem carefully to take this into account.
The reason for the numbers of solutions occurring will become apparent in the proof
of the theorem.

Theorem 1.4. Let Q(x,y) = ax® + bxy + cy? be a positive definite, primitive (i.e.
gcd(a, b, ¢) = 1), binary quadratic form with integer coefficients. Write D = 4ac —
b2, so D > 0 as the form is positive definite. Let § = /D, and

%7{ if a+2b =0,

arctan(8/(b + 2a)) otherwise,

with arctanx € [0, ]. Then, for primes p represented by Q(x,y) with0 <y < x
we let x,,y, denote a solution to 0 <y, < x,, Q(x,,y,) = p. For all other primes
we write x, =y, = 0. When there is more than one pair x,,y, we assume all pairs
are counted in the expressions that follow. We define x,,, y,, similarly for any positive
integer n. We then have

R, = 1i ZpSN'xf} — i ZnSler{l _ S(k)
T NS S ok NS v (k)
pSNyp ngNyn

where

B
S(k) = / (§cos O — bsinH)<db ,
0
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and
B
Tk) = (Za)k/ sin® 6 db .
0

We give one further corollary to illustrate the general result.

Corollary 1.2. Let n € Z,n > 2. Then, in the notation of Theorem 1.4 with
0(x,y) = x* + ny?, we have

Ri=1++n+1,

_ n(y/n+ (1 4 n) arctan /n)
 —Jn+ (1 +n)arctan /n’

_ (3+2m)Q2+3n+2(1+n)?)
B 3+4n '

2

R;

This follows by taking @ = 1,b = 0,¢c = n in Theorem 1.4 which gives § =
24/n, B = arctan(4/n). It can also be observed that if n 4 1 is a square, then some
of these limits are indeed rational numbers.

Z.W. Sun also made a conjecture about the form uﬁ + 3u,v, + v[% for prime
p= +1 mod 5:

Conjecture 1.3 (Sun). Letp = £1 mod 5 be a prime and let p = uﬁ + 3upv, + vlg
be the unique representation with positive integers u, > vp,.

> <N.p==+1mod 5 4p
lim P=2P =1+ 5.
N—o0 prN,pE:l:l mod 5 Up

He also remarked that it seems that

2
. > <N,p==+1mod 5 ¥,
lim —=f=tp==_mo ’; ~ 8.185.

N—>o0 ZpsN,pE:l:l mod 5 vp

While Theorem 1.4 is only valid for positive definite forms we remark that a
formal application of the integrals, witha = 1,b = 3,D = +/—5 leads to S(1) =
—3 + /5 and T(1) = 2—+/5 which predicts indeed

. Z7<N, =41 mod5 U
lim ===2 =1++/5.
N—o0 ZpSN,pE:I:l mod 5 Up

Moreover, for k = 2 we find S(2) = —i(v/5—2 artanh(%)) and T(2) = —é(\/_ —
4 artanh(ﬁ)), which predicts
2+/5 — 4artanh(--)
lim 3

N—o00 ZpSN,pE:I:I mod 5 U[% \/§ —4 artanh(ﬁ)

2
—+1modsH
L psN.pmtimoas Uy _ ~ 8.18483.
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Now there are several potential difficulties when looking at the problem for
indefinite forms. For example, in the most general case there is not the control of
variable size in terms of prime size that we have in the positive definite case. At first
sight there could be issues working in fields with infinitely many units, in particular
how we count the number of representations. Moreover, the results we need from
Coleman’s work [1, 2] are not explicitly stated for indefinite forms, although careful
study shows that he does indeed prove the theorem we require. We thus are able to
prove the following result which covers the above conjecture and many other cases.

Theorem 1.5. Let Q(x,y) = ax* + bxy + cy* be an indefinite, primitive, binary
quadratic form with integer coefficients. Write D = b*> — 4ac, which we assume
is not a perfect square. Let § = /D and we assume that 0 < §/(b + 2a) < 1,
for if this condition fails there will be infinitely many representations of a prime by
O(x,y) with 0 < y < x. Put k = artanh(§/(b + 2a)) (so this is well defined by the
previous condition). Then, for primes p represented by Q(x,y) with 0 <y < x we
define x,,y, by 0 <y, < x,, O(x,,y,) = p. When there is more than one pair x,, y,
we assume all pairs are counted in the expressions that follow. For all other primes
we write x, =y, = 0. We define x,,y, similarly for any positive integer n. We then
have

ZnSN xlrct _ U(k)
N—>00 ZpSN ylp‘ N—>00 ZnsN ylfl V(k) ’

where
Uk) = / (8 cosh & — bsinh 0)* d6
0
and

V(k) = (2a)* / ) sinh* 6 d6 .

0

Remark 1.3. 'We will indicate in the proof how one gets multiple representations of
primes and why representations are unique for some forms like uﬁ + 3upv, + v]%.

We give a corollary working out these integrals for a particular family:
Corollary 1.3. Let n € 7Z,b > 3. Then, in the notation of Theorem 1.5 with
O(x,y) = x> + bxy + y%, we have

Ri=1++Vb+2.

R — (b—1)v/b?> —4 —4artanh /(b —2)/(b + 2)
P P —4—dantanh J(b—2)/b+2)
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2 Proofs: The Simplest Case

We begin by quoting a simple consequence of Coleman’s work for Gaussian primes
which we will use to prove Theorem 1.1 directly and which motivated the whole
investigation. The reader will see that the proof of Theorem 1.4 is a straightforward
generalisation of this, though the necessary terminology may at first make it look
more complicated.

Lemma 2.1 (Coleman, Theorem 2.1 of [1]). Let0 < ¢ < ¢, <27, and0 <y <
x. We can define S = S(x,y, ¢1.¢2) = {z € Z[i] : x—y < [2]> < x,01 < ¢ < ¢},
where ¢ = arg(z/|z|)*. Let P = P(x,y,¢1,9:) = {p € S: |p|> = p, prime).

Let ¢ > 0 be given. We have the asymptotic result,

— 1
Z 1= (2 — 1)y 140 7
2m log x log x

PEP(x.y.01.92)

—5/24+¢ 19/244e o

Jorgp — @1 > x ,y>x Xe.

Let us first outline the idea: for asymptotically evaluating Y,y ,=1 mod 4af7 it
suffices to dissect the sector with radius N from 0 < ¢ < 7/4 into polar boxes.
Coleman’s result says that one can dissect this into fine (but not too fine) boxes, so
that the number of primes, corresponding to p = a® + b?, is asymptotically the right
number, with some error of smaller order. We can therefore replace summation by
integration with negligible error. The same is true for the sum in the denominator.
Hence, we get:

k /4
lim D p<Np=tmoady o cos‘(x)dx

N=00 ) N p=1mod 4 D) fon/ * sin* (x) dx

The reader should note that this is exactly the same relation we would get if p ran
over all numbers representable as the sum of two squares.

Proof (Proof of Theorem 1.1). We now describe this in more detail. We write T =
2[log, N],v = VN. Let us first concentrate on Gaussian primes with modulus in
the interval (3, v], we later sum up over intervals of type (5, 5==]. For 1 < s <
3T/4,1 <t < T/2 we then define polar boxes

B, ={a=re:1—5/T<(/v)>’<1—(s—1)/T.(t—1)/T <2¢/n <1t/T}

= a=rei‘p:\/ﬁ\/l—S/T<r§\/ﬁv1—(S—1)/T’¥<90<7t_t

—2rf
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We note that a polar box {(r,0) : R} < r < R},0/ < 0 < 0’ + ¢} has area
1(R? — R3)¢. It follows (something we will need later when we convert sums to
integrals) that the box By, has area N7 /(4T?%). Write n = (log N)~!. Now logM =
logN 4+ O(1) for N/4 < M < N. Hence, by Lemma 2.1 (note though that the
corresponding polar box in that lemma has an angle four times that of By ;) for each
pair s, t we have

N

PEB;,;

In each polar box cos¢ = cos(tw/2T) + O(n) and similarly for sin¢. Also
r=v(l— s/T)% + O(vn). Hence

DT 3 B

¥ <p<N.p=1mod 4 st pEBy;

(1+ 0(n) Z (v(l — 5/T)? cos(trr/2T) + O(nv))k

T21

—(77 +0(*) Z / / (rcosx 4+ O(vn)) rdrdx

! rei*€By,

/4
—(77 +0(1%) / At dr[ cosk x dx.

0

We remark that it is easy to check the case k = 0 of the above which must give
the number of primes = 1 mod 4 between N/4 and N. This is %Nr](l 4+ O(n)) and
equals the final line of the above display by an elementary calculation.

Similarly,

/4
Z = _(’7 +0(n*)) ”k+1 dr/ sin® x dx.
¥ <p<Np=1mod 4 v/2 0

Adding up over the intervals (%, 2%_]], and cancelling common factors one finds
that

k /4
lim ZpSN.pslm0d4ap _ f(;r COSk()C) dx

- 4 . :
N=00 3 N p=imoas By [T sint(x) dx

Proof (Proof of Corollary 1.1). We now evaluate these integrals, for small expo-
nents, and determine the arithmetic nature of the values. It is well known that
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/4 sin" ' xcosx |t n—1 [
/ sin"(x)dx = — + / sin" 2 x dx
0 n 0 n 0
1 n—1 x/4 s n—2
= 7 + T./o sin"™“ x dx,
/4 cos" ! xsinx /4 n—1 [%/*
/ cos"(x)dx = + / cos" 2 x dx
0 n 0 n 0
1 n—1 (™%
= m + T /0 cos" “ xdx.

We note for the initial values n = 0 and n = 1 that

/4
f sinO(x) dx = z
0 4
/4
/ sinl(x)dx = 1 —
0
/4
/ cos’(x) dx = E,
0 4

/4 1
/ cos'(x)dx = —.
0

From this it is easy to calculate for small & the limit by hand. For example, let k = 5.

/m in’(x) d ! +2(1 ! ) ! (8 —5+/2)
siIn (x)ax = ————— — _— ) = — — .
0 3.232 7 3 V212
/”/4 in®(x) d ! + ] (8 —5+v/2) ! (64 — 43+/2)
sin = - _ — — _ _ .
A V=" 52 Ts5 0 120

/4 1 2 1 5\/5
3
cos™ (x dx——+__—_.

+

/4 1 4 542 432
/ cos’ (x) dx = - f: \/—
0 5.252 5 12 120
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Hence

. Zpszv,psl mod 4 af, % 4372
Is = lim s = = .
N—o0 p<N,p=1mod 4 bp m(64 —43 \/5) 64 — 43\/2

It is clear from the recursion formulae above, that for odd %, fon/ *coskxdx =
r1+/2, and f0”/4 sinfxdx = r, + r3+/2, where ri,ry, 13 € Q\{0}. It follows that
I, € Q(v/2) \ Q. Similarly, as remarked above, when k = 2¢ we find that [, =
(Ag + By)/(A¢m — By) with integers Ag, By > 0, so the value of I(k) is a rational
expression of 7, where the 7 can never cancel, hence /(k) is transcendental, when
k > 2 1is even.

Proof (Proof of Theorem 1.2). We note that

/4 /2
/ cos"(x)dx = / cos"(x)dx + O (2_"/ 2) .
0 0
For n even, say n = 2m, we have by the recursion formula

/‘”/2 ) 7 (2m—1)2m—-3)...3
cos"(x)dx = —
o 2 2m(2m-—2)...2

_w (2m)!
2 (2mm!)2
T (2m/e)"J/Arm

T o (m/e)*2mwm

1
~(z)
2n/
In the above we have used Stirling’s formula to obtain asymptotic formulae for m!
and (2m)!. Similarly, for odd n we have

/2 (1l +n) : b4 %
"Wdx~——=] ~(=—)" .
/(; cos’(x) dx ( 2n? ) <2n)

On the other hand, we note that

sin(w/4 —x) = \/LE (I1-x+0@(Y).

Hence the natural logarithm of the function ¢*2%/2(sin(r /4 — x)¥ is

%‘ log 2 + kx + klog(sin(r/4 — x)) = O(kx?).
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From this we easily obtain
(sin(/4 — x)* = 2727 (1 + 0 (k?)) .
Hence, writing A = /4 — k273, w= k'3, we have

/4 A /4
/ sin(x) dx = / sin® (x) dx + / sin® (x) dx
0 0 p)

—k/2

—0@ e+ (14 0(u™)).

Combining the above results gives (1) as desired.

3 Proofs: The General Positive Definite Case

A number of authors, including Landau, Hecke [3, 4], Rademacher [11], Kubilius
[8, 9], Kalnin’ [6] and Coleman [1, 2], established results with regard to equidis-
tribution of prime ideals in certain regions. We shall here need to work with the
distribution of prime ideals and the 1-1 correspondence that exists between these
ideals and the representation of their norms by positive definite quadratic forms. A
further complication arises that the discriminant of the quadratic form may not be a
fundamental discriminant (those given in the next paragraph) and this forces us to
use a more general result.

We must now define the notation needed to state Coleman’s theorem in its full
generality and we will quote this more or less verbatim from [1]. Let Q(+/A) be the
imaginary quadratic number field with discriminant A or 4A depending on whether
or not A = 1 mod 4, respectively, and A is a negative square-free integer. We use
Gothic letters a, f to denote ideals and p will represent a prime ideal. We write N (a)
for the norm of a. Given a non-zero ideal f, let g¢ = g(f) be the number of units € such
that e = 1 mod §. We write K for an ideal class mod § and (&) for the principal ideal
generated by an algebraic integer £. For each such class we assume there has been
chosen and fixed an ideal ay € K~!. Then given a € K we can define £, € ag by
(§4) = aap and £, = 1 mod §. This algebraic integer is unique up to multiplication
by the units € = 1 mod . We write

8
M) = (|§a|) '

By the definition of g, arg(A(&,)) is unique mod 2.

Lemma 3.2 (Coleman, Theorem 2.1 of [1]). Given0 < ¢; < ¢, <27,0<y<x
and an ideal class K mod §. We define S = S(x,y,¢1,¢2,K) ={a e K :x—y <
N(a) < x,¢1 < arg(A(5a)) < @2} Let P = P(x,y, 91,92, K) = {p € S : N(p) =
p, prime}.
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Let ¢ > 0 be given. We have the asymptotic result,

_ (p2— gy !
> 1= 27h(f) log x (1 * 0(logx))’

PEP(x.y.@1.92.K)

for gz — @ > x7/%4Fe y > x19/2%4%e x> x. Here h(f) is the order of the abelian
group of ideal classes mod {.

Proof (Proof of Theorem 1.4). The proof that

. anN )Cﬁ S(k)
lim ==— = ——,
N—00 ZpsN vy T (k)

follows by applying a simple change of variable to map the region
O<y<x, Oy <N

onto the sector
O<r<N%, 0<8<8.

This change of variable will underlie the proof of the more difficult case for primes

. prNx]; S(k)
lim —k = -,
N—o00 ZPSN yp T(k)

so we shall concentrate on establishing this.

Let A = —D, and we suppose initially that this is a fundamental discriminant
with A < —4. Hence there are just the two units —1, 1 in Q(+/A). We follow
Coleman’s argument based on [7] to obtain the 1-1 correspondence between prime
ideals and points at which Q(m, n) is prime. In Lemma 2.1 we take

ag = [a, %(b— iS)] .
The 1-1 correspondence is then

N(p) = p = Q(m,n)

£, = ma+ b—is
p=matn|— .

We must remark at this stage that this correspondence is 1-1 between prime ideals
and m,n and not necessarily between p and m, n. This is why we may get two

with
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representations if two distinct prime ideals with norm p fall within the sector we
are about to describe (which can be larger than the first quadrant if b < —2a).
We note that |&,[* = ap. So, if we write

¢ = arg(ép)v r= \/—»

we have
— (8cos¢p + bsingy) 20— sing
m= ——(§cos sin¢), n=-2a——sing.
Jas Jasé
Now writing = —¢ the condition 0 < n < m translates to 0 < 6 < § with
" (8cos — bsinb) 24— sing
m=——(§cosf —bsinbh), n=2a——sinf.
Jas Jas

We divide the region 0 < r < N 2 ,0 < 6 < B into polar boxes as in the proof of
Theorem 1.1 and apply Lemma 3.2 to the corresponding regions. As in the proof of
Theorem 1.1 we can convert the sums to integrals with smaller order errors. When
we divide one sum by the other the integrals over r cancel, as do various constants
and the 1/ log N factor, leaving just S(k)/T (k) as claimed.

Now if A = —3 or —4 we have 6 or 4 units, respectively. We recall that &, is only
unique up to multiplication by units. In the above argument we can have up to two
distinct prime ideals and &, could be multiplied by 3 or 2 units leading to different
values m, n and still remain within the sector under consideration. This leads to the
multiple representations. Of course, for Theorem 1.1 k = 7/4 constrains &, to one
value, and similarly for Theorem 1.3 k¥ = 7/6, leading to one value. For the form
X2 — Txy 4+ 13y* we have A = —3, k = arctan(—+/3/5) = 2.808.... We note
that 577/6 < k < 7 and so there will be either 5 or 6 representations depending on
whether or not all 6 possible values for £ lie in the sector.

Now suppose that D = —f2A with A a fundamental discriminant and continue
working in Q(+/A). If we repeat the above argument, then we would require
b—ifé
& =ma+n( zlf ) .

We therefore need to restrict ourselves to counting those prime ideals which lead to
such &,. This corresponds to restricting the prime ideals to a union of ideal classes
mod f for a suitable f. We give the simplest case by way of illustration. Let Q(x, y) =
x>+ 4y?, 50 D = 16 = f?(—A) with f = 2. Let f = (2). Then there are just two
ideal classes coprime to f: {(u + vi) : v even, u odd}, {(u + vi) : u even, v odd}.
Counting only prime ideals in the class with v even will then give p = x* + 4y? as
required.
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4 The Indefinite Case

We first consider how to describe the geometry in the real case. The natural
embedding from Q(§) into R? is a + b8 —> (a, b§). We write ¢’ for the algebraic
conjugate of ¢ € Q(§). We shall discover that the polar boxes of the imaginary
case give way to hyperbolic boxes in this new situation. We then note that there is
an analogous correspondence between prime ideals and points at which Q(m, n) is
prime. However we now need to be much more careful about the number of points
(m, n) corresponding to each prime ideal. We need only deal with the fundamental
discriminant case as the adaptation to the general case follows as previously. Now

we write
£ n b—§
=ma+n
P 2
2

=u+v8 whereu’> —Dv> = rla

= /ar(cosh¢ + sinh¢) for a uniquely defined value ¢.

Note that this gives a 1-1 correspondence between &, and (m,n). Following the
argument of the previous case, if we write § = —¢ then 0 < m < n becomes

mzﬁ(ScoshG—bsinhO), n:2aﬁsinh9,

with 0 < 8 < k. We thus have a hyperbolic box
{(rcosh@,rsinhf) :0 <r < N%,O <60 <k},

which we dissect into small hyperbolic boxes in a corresponding manner to our
earlier discussion. In particular, where &, occurs we define #(§,) to be the unique
value ¢ such that

£, = v/N(a)(cosht + sinh?) = \/N(a)e'.

Now &, is only unique up to multiplication by units. Let € be the fundamental unit
of Q(8). Multiplying &, by an even power of €, gives another candidate for &, but
shifts ¢ by 21og €. Hence the maximum number of additional representations of p
from this ideal will be strictly less than

K

. 2
2 log €p @

However, there is the ideal containing the algebraic conjugate of &, that is E"J, to
consider. Possibly multiplying S", by an even power of ¢, will give a number in
the required range. So, writing ¢ = #(§,), we would need 0 < —t < k and 0 <
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t + 2hlogey < k. In the case of x> + 3xy + y? the value of (2) is exactly 1/2
and so the representation is unique. On the other hand, for x> + xy — y? the value
is 1. There can therefore be no more representations from the original ideal, but
if 0 < —t < « then we obtain 0 < t + 2logey < Kk giving exactly one other
representation. Of course, it is easy to see there will be two representations for this
form as the transformation (x, y) —> (x, x — y) leaves the expression unchanged. If
0 < §/(2a + b) < 1 fails, then the only restriction on 6 is 6 > 0 and so we obtain
infinitely many solutions by multiplying &, by any positive even power of €;. That
is why we cannot prove a result of the required form in this case.

We must now show that Coleman’s work in [2] supplies us with the required
formula for prime ideals in hyperbolic boxes as above. There Theorem 1.2 is his
main theorem. We remark that Hensley [5, §5] also gives an explicit account for
how to count prime ideals in hyperbolic boxes in the case of real quadratic fields.
We must first describe Hecke characters in Q(8), and we quote Hecke’s original
definition almost verbatim from [4]. Given an integer o of Q(§) we define

).

This is clearly a multiplicative function of ¢ which takes the value 1 at all units
(as they are powers of €, and dividing a unit by its conjugate gives an even power
of €p). The Hecke characters are then all integer powers of A(-). If N(¢) = r, and
o0 = r(cosht + sinh¢), then

i

log €

4

/

0

A(0) = exp ( log

2t

0 = r(cosht — sinh?), =e

fO\lfQ

We can therefore use the Hecke characters to pick out the condition o < ¢t < 0 + 7.
Since we can investigate the size of the norm using N(g)*(s € C) just as in the
imaginary case, we obtain the following result from [2, Theorem 2]. We continue to
use the terminology stated before Lemma 3.2.

Lemma 4.3. Let e > 0 be given. Given0 < ¢y < o+17 <1 <x, xVste < <1
and an ideal class K mod §. We define S = S(x, 9,7, K) = {a € K : x(1 — 1) <
N(a) < x,¢0 < t(§q) < @o + t}. Let P = P(x,00,7,K) = {p € S : N(p) =

p, prime}. We have the asymptotic result,

xt2 1
L= e (1 o (logx)) |

PEP(x,00,7,K)

Here h(§) is the order of the abelian group of ideal classes mod f.

This supplies us with precisely the formula we need for counting prime ideals in a
hyperbolic box and the proof can then be easily completed.
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Large Gaps Between Consecutive Prime
Numbers Containing Perfect Powers

Kevin Ford, D.R. Heath-Brown, and Sergei Konyagin
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Abstract For any positive integer k, we show that infinitely often, perfect kth
powers appear inside very long gaps between consecutive prime numbers, that is,
gaps of size

log plog, plog, p
(log; p)?

)

where p is the smaller of the two primes.

1 Introduction

In 1938, Rankin [11] proved that the maximal gap, G(x), between primes < ux,
satisfies!

log xlog, xlog, x

G = (e o() =5 220
3

&)

! As usual in the subject, log, x = loglog x, log; x = loglog log x, and so on.
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with ¢ = % The following six decades witnessed several improvements of the
constant ¢; we highlight out only a few of these. First, Rankin’s own improvement
[12] ¢ = €’ in 1963 represented the limit of what could be achieved by inserting
into Rankin’s original 1938 argument best possible bounds on counts of “smooth”
numbers. This record stood for a long time until Maier and Pomerance [8]
introduced new ideas to improve the constant to ¢ = 1.31256¢" in 1989; these
were refined by Pintz [10], who obtained ¢ = 2¢” in 1997. Very recently, the first
and third authors together with Green and Tao [2] have shown that ¢ can be taken
arbitrarily large. Independently, this was also proven by Maynard [9].

Rankin’s lower bound (1) is probably very far from the truth. Based on a
probabilistic model of primes, Cramér [1] conjectured that

, G(X)
limsup —— =
X—oo log®X

)

and Granville [3], using a refinement of Cramér’s model, has conjectured that the
lim sup above is in fact at least 2¢77 = 1.1229.... Cramér’s model also predicts
that the normalized prime gaps 22=—"* should have exponential distribution, that is,

log py
Pnt1 — Pn = Clogp, for about e=Cm(X) primes < X.

Our aim in this paper is to study whether or not long prime gaps, say of the size
of the right-hand side of the inequality in (1), occur when we impose that an integer
of a specified type lies inside the interval. To be precise, we say that a number m is
“prime avoiding with constant ¢” if m + u is composite for all integers u satisfying

logmlog, mlog, m
(logy m)>

lul <c

Here we will be concerned with prime avoiding perfect powers.

Theorem 1.1. For any positive integer k, there are a constant ¢ = c(k) > 0 and
infinitely many perfect kth powers which are prime-avoiding with constant c.

It seems possible that the methods of Green, Ford, Konyagin and Tao, or of
Maynard, might be adapted to handle slightly longer intervals containing a kth
power but no primes. However we leave this possibility aside for the time being.

2 Sieve Estimates

Throughout, constants implied by the Landau O-symbol and Vinogradov <-symbol
are absolute unless otherwise indicated, e.g. by a subscript such as <. The symbols
p and g will always denote prime numbers. Denote by PT () the largest prime factor
of a positive integer n, and by P~ (n) the smallest prime factor of n.

We need several standard lemmas from sieve theory, the distribution of “smooth”
numbers, and the distribution of primes in arithmetic progressions.
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Lemma 2.1. For large x and z < x'°2%/(101022%) 0 haye

{n <x:

X
log’® x
Proof. This follows from standard counts of smooth numbers. Lemma 1 of Rankin
[11] also suffices. O

Lemma 2.2. Let Z denote any set of primes and let a € {—1, 1}. Then

Kp<x:p#a (modr) (VreR)} <<LH(1—1).
IngpE@ p

p<x

Proof. Standard sieve methods [4]. O

Finally, we require a bound of “large sieve” type for averages of quadratic
character sums.

Lemma 2.3. For any set & of primes in [2, x], and for any &€ > 0,

> ] 5 (2)] < o

m<x
m odd

Proof. This follows immediately from Theorem 1 of [5]. O

3 kth Power Residues and Prime Ideals

One of our principal tools is the following estimate for an average of counts of
solutions of a certain kth power congruence.

Lemma 3.1. Let k be a positive integer. For any non-zero integer u and any prime
p write

0uk(P) = 0u(p) = |{n (mod p) : n* 4 u =0 (mod p)}|.
Then for any fixed ¢ > 0 and x = 2 we have

u log x
I (1 Q(P))<<s| o logx
xX<p<y y

The proof of this is based on the Prime Ideal Theorem, and we begin by giving a
formal statement of an appropriate form of the latter.
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Lemma 3.2. There is an effectively computable absolute constant ¢ > 0 with the
following property. Let K be an algebraic number field of degree ng, and write dx
for the absolute value of the discriminant of K. Let By be the largest simple real zero
of Ck(s) in the interval [%, 1] if any such exists. Then

|7k (x) — Li(x)| < Li(x%) + c_lxexp{—cn,;l/2 log'/? x}

for x = exp{10ng log? dy}, where as usual, wg(x) denotes the number of prime
ideals of K with norm at most x, and Li(x) = f; dt/ log t. We omit the first summand
on the right-hand side if By does not exist.

This follows from Theorem 1.3 of Lagarias and Odlyzko [7], on choosing L = K
in their notation. The reader should note that the counting function m¢(x, L/K) of
[7] excludes ramified primes, but the number of these is O(ng logdk), which is
majorized by x exp{—cn;l/2 log"/? x}.

In order to handle the term involving the possible simple real zero By we use the
following result of Heilbronn [6, Theorem 1].

Lemma 3.3. A simple real zero of {x(s) must be a zero of {(s) for some quadratic
subfield k of K.

It follows that B is a zero for some quadratic Dirichlet L-function L(s, y), with
a character y of conductor dividing dg. Thus Siegel’s Theorem shows that 1 — 8y =
c(e)d;*, for any fixed ¢ > 0, with an ineffective constant c(¢) > 0. We then deduce
that

Li(xﬂ‘)) < xPo < xexp{—c(e)di®logx} < xexp{—c(s)nlzl/2 logl/2 x}

if nglogx = d,zf . We therefore obtain the following version of the Prime Ideal
Theorem.

Lemma 3.4. For any n > 0 there is an ineffective constant C(n) > 0O with the
following property. Let K be an algebraic number field of degree ng, and write dxg
for the absolute value of the discriminant of K. Then

7 () = Li(x) + O(rexp{—C(n)n * log'? x})

x = exp {max (10nk log dx , n}ldlr’()} )

Proof (Proof of Lemma 3.1). Since it may happen that —u is a perfect power we
begin by taking a to be the largest divisor of k for which —u is a perfect ath power.
Then if —u = v® and k = ab we see firstly that the polynomial X? — v is irreducible
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over the rationals, and secondly that n” = v (mod p) implies n* + u = 0 (mod p),
whence

Quik(p) Z 0—v5(p). 2

We will apply Lemma 3.4 to the field K = Q(#), where 6 is a root of X” — v. Thus
K has degree b < k. Moreover its discriminant will be a divisor of

D :=Disc(1,60,60%,...,0" ") = (=)’ 1pbpP~1,
We now set
xo = C(k,n) exp(|D|").

If we choose the constant C(k, n) sufficiently large, then whenever x = xy we will
have

xexp{—C(n)b~"?log"?x} < xlog™>x
and
x = exp {max (10b(log |D|)*, ™' |D|")} .
It therefore follows from Lemma 3.4 that
7k (x) = Li(x) + Oy (xlog™>x)

for x = xp.
We now write v (p) for the number of first degree prime ideals of K lying above
p- Then

k@) =Y vk(P)+ 0 Y D).

Psx Pe<x,e=2

Moreover, by Dedekind’s Theorem we will have o_, ,(p) = vk (p) whenever p } D.
In the remaining case in which p | D we have 90—, ,(p) < b < kand vg(p) < b < k.
It therefore follows that

k() = D 0-up(p) + Oclx'/?) + Ox(log D)),

p=x

so that

Y 0-ub(p) = Li(x) + O (xlog™ x)

P=x

when x = xg.
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We now observe that

[ (1) - £ 22

x<p<y x<p<y

< exp 4 — Z Q—v.b(p)
p

X<p<y

by (2). Assuming that y = x, we may then use summation by parts to calculate that

Q—u,b(P) - Q—v,b(p)
2 P 2 p

x<p<y max(x,x0) <p<y
= loglogy — loglog (max(x, xo)) + Oy(1)
= loglogy —loglogx —loglogxy + Oy (1)
= loglogy —loglogx — nlog |D| + Oy »(1)

= loglogy —loglogx — nklog |u| 4+ Oy ,(1).

We therefore have

u lo
I1 (1 - Q{Ep)) Lpy a1 2L

X<p<y log Y

when y = xp. Of course this estimate is trivial when y < xj since one then has
logy <y |D|" <y |u*". The lemma then follows. |

4 Main Argument

Fix a positive integer k. Let x be a large number, sufficiently large depending on £,
let ¢; and ¢, be two positive constants depending on & to be chosen later, and put
cxxlogxlogs x

— _ 1 1 _
N = Hp, 7 = xCrlogs¥/logyx y = (log,)?

p<x
In the rest of the paper we will prove the following lemma.
Lemma 4.1. There is a number m < 2N such that m* + u is composite for |u| < y.

Theorem 1.1 will follow upon observing that m* < €#T°® as x — oo and
consequently that
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log(m*) log, (m*) log, (m")
(log; (m*))?

y >k

We will select m by choosing residue classes for m modulo p for primes p < x. Let
P ={p:p<logxorz<p<x/4}, Py ={p:logx <p <z}
We first choose

m=0 (mod p) (pe ),

3

m=1 (mod p) (pe€ P). )
Observe that p|(m* + u) if p|u for some p € 2. Because y < (x/4)logx, any
remaining value of u is thus either composed only of primes in £, (in particular, u
is z-smooth), including |u| = 1, or |u| is a prime larger than x/4. For any u in the
latter category such that p|(u+ 1) for some p € 25, p|(m* +u). Let U denote the set
of exceptional values of u, that is, the set of u € [—y, y] not divisible by any prime
in &, and such that if |u| is prime then p } (u + 1) for all p € &%,. By Lemmas 2.1
and 2.2, if ¢ is sufficiently small, then

1 1
|U| < ys + 2 I1 (1——)<< YOBY _ 2 %
log’ x logxpe% P logxlogz ¢ logx

Choosing ¢, appropriately, we can ensure that |U| < 6x/ logx, where § > 0 depends
on k (§ will be chosen later).

The remaining steps depend on whether k is odd or even. If k is odd, the
construction is very easy. For each u € U, associate with u a different prime
pu € (x/4,x] such that (p, — 1,k) = 1 (e.g., one can take p, = 2 (mod k) if
k = 3). Then every residue modulo p, is a kth power residue, and we take m in the
residue class modulo p,, such that

m* = —u (mod p,) (u € U). “4)

By the prime number theorem for arithmetic progressions, the number of available
primes is at least

x/(2¢ (k) logx) = |U|

if § is small enough. With this construction, p, |(m* + u) for every u € U. Therefore,
m* + u is divisible by a prime < x for every |u| < y. Furthermore, (3) and (4)
together imply that m is defined modulo a number N’, where N’|N. Therefore, there
is an admissible value of m satisfying N < m < 2N. The prime number theorem
implies that N = ¢“t°® | thus m* — y > x. Consequently, m* + u is composite for
lu| < y.
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Now suppose that k is even. There do not exist primes for which every residue
modulo p is a kth power residue. However, we maximize the density of kth power
residues by choosing primes p such that (p— 1, k) = 2, e.g. taking p = 3 (mod 2k).
For such primes p, every quadratic residue is a kth power residue. Let

Py ={x/4 <p<x/2:p=3 (mod 2k)}.

By the prime number theorem for arithmetic progressions, | 23| = x/(5¢ (2k) log x).
We aim to associate numbers u € U with distinct primes p, € &5 such that (;—:) =

1. This ensures that the congruence m* + u = 0 (mod p,) has a solution. We,
however, may not be able to find such p for every u € U, but can find appropriate
primes for most u. Let

— 8
U=luecu: (= :1foratmost—xprimesp693 .
p logx

The numbers u € U\U’ may be paired with different primes p, € 5 such that

(;—:) = 1. We then may take m such that

m* = —u (mod p,) (uc U\U). (5)

Next we will show that |U’| is small. Write

S

u€lU peP;

Each u may be written uniquely in the form u = suu,, where s = £1, u, > 0 and
u, is squarefree. By quadratic reciprocity,

(_—“) = (-9 (@) — (9D (ﬂ)
p p 125}

since p = 3 (mod 4). Given uy, there are at most /y/u; < ./y choices for u;.
Hence, using Lemma 2.3,

=21z G

uelU peP;
Yoy (2]
< iy
RS y i
ur <y PEP3

<, x5/2+s.
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Now let § = W so that §x/ logx < %|@3| If u € U', then clearly
b ( )\ R
PEPs logx

It follows that |S| > |U’|(x/ log x)?, and consequently that
|U'| <, x1/2+2%, (6)

Let A mod M denote the set of numbers m satisfying the congruence condi-
t10ns (3) and (5), where 0 < A < M. Thus, if m = A (mod M) and u ¢ U’, then
m* + u is divisible by a prime < x/2. Let

We’ll take m = Mj + A, where 1 < j < K, and aim to show that there exists a value
of j so that (mj + A)* + u is composite for every u € U’. By sieve methods (see [4]),

K
Z#{u e U : (Mj + A)* + u prime} = Z #{1 <j<K:(Mj+ A+ uprime}
Jj=1 uel’

<Y k] (1—9”—@).

uel’  y<q<JK i
By Lemma 3.1, the above product is

logy logx
Ko U2 Ly uf? 22
ke U IOgK ke U

Combined with our estimate (6) for the size of |U’|, we find that

Z #u e U : (Mj+ A)* + uprime} pe =
© xl/2—-4e
1Sj<K
It follows that the left-hand side above is zero for some j. That is, (Mj + A)* + u
is composite for every u € U’. Therefore, (Mj + A)* + u is composite for every u
satisfying |u| < y. Finally, we note that Mj + A < 2N, and the proof of Lemma 4.1
is complete.

Remark 4.1. For odd k the constant c(k) in Theorem 1.1 is effective. For even k it
is ineffective due to the use of Siegel’s theorem in the proof of Lemma 3.1.
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On the Parity of the Number of Small
Divisors of n

Kevin Ford, Florian Luca, Carl Pomerance, and Jeffrey Shallit

To Professor Helmut Maier on his 60th birthday

Abstract For a positive integer j we look at the parity of the number of divisors of
n that are at most j, proving that for large j, the count is even for most values of n.

Keywords Number of divisors

Mathematics Subject Classification: 11N25, 20K01

1 Introduction

Let 7(n) denote the number of positive divisors of the positive integer n. It is easy to
see that t(n) is odd if and only if n is a square, so in the sense of asymptotic density,
7(n) is almost always even. In this note we consider the function tj(n) = #{d | n :
d < j}, the number of positive divisors of n that are at most j. Here j is a positive
integer. Can we say that 7;(n) is usually even? Evidently not. This is patently false
for j = 1, and it is false for all odd numbers n when j < 2. Here’s another trivial
case. Say n is not a square and n/2 < j < n. Then 7;(n) is odd. In fact, if we list out
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all of the divisors of n: 1 = dy < d, < --- < d;(;y = n and choose j at random in
[1,n], when n is not a square, more than half of the time 7;(n) will be odd, since the
top interval [n/2, n) takes up half of the available values of j.

We are interested in the range 2 < j < /n, showing that 7;(n) tends to be even
here. Let

1 4+ loglog?2
log2

§=1 = 0.08607... .

Theorem 1.1. Let Nj(x) denote the number of integers n <
Uniformly for 2 < j < /%,

x with tj(n) odd.

X

560 = 0 (oo T )
The theorem implies that when j is large and fixed, 7j(n) is usually even as n varies.

It is interesting to look at this problem numerically. For a fixed number j, whether
7j(n) is even or odd depends solely on the value of gcd(n, L;), where L; is the least
common multiple of the integers in [1,]. That is, t;(n) = t;(ged(n, L;)). Thus,
the set of integers n with 7;(n) odd is a union of residue classes modulo L;, so the
asymptotic density of the set of such n exists; it is N;(L;)/L;.

J L N;i(Ly) N;i(Ly)/L

1 1 1 1

2 2 1 0.5

3 6 3 0.5

4 12 7 0.5833333333
5,6 60 33 0.55

7 420 225 0.5357142857
8 840 405 0.4821428571
9 2520 1305 0.5178571429
10 2520 1235 0.4900793651
11,12 | 27,720 13,635 0.4918831169
13 360,360 177,705 0.4931318681
14 360,360 170,775 0.4739010989
15 360,360 170,181 0.4722527473
16 720,720 359,073 0.4982142857
17 12,252,240 6,106,815 0.4984243697
18 12,252,240 5,919,705 0.4831528765
19 232,792,560 112,887,225 0.4849262580
20 232,792,560 109,706,355 0.4712622903
21 232,792,560 110,362,725 0.4740818392
22 232,792,560 107,787,735 0.4630205321
23,24 | 5,354,228,880 2,496,334,995 0.4662361380
25 26,771,144,400 | 12,782,443,905 | 0.4774709558
26 26,771,144,400 | 12,538,223,775 |0.4683484422
27 80,313,433,200 |37,368,330,615 |0.4652812005
28 80,313,433,200 |36,653,106,105 | 0.4563757848
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Our theorem implies that the right column approaches the limit 0 as j — oo
slightly faster, at the least, than (log j) =%/ (19,

In the following table we consider some larger values of j but only via some
statistical experiments to approximate the density N;(L;)/L;. The experiments
involved taking the first 10* numbers following the kth prime, for k = 10°,2 x
10°,...,6 x 10°. The numbers in the table are actual counts of the number of
odd values of 7j(n) among the 10* values of n. The numbers weakly suggest that
N;(L;)/L; decays to 0 like (log 7)~? where 6 is slightly above 1/2. However, this too
is misleading. Indeed, we will show below in Theorem 2.3 that N;(L;)/L; decays
more slowly than about 1/(logj)’. We do not resolve the issue of the “correct”
exponent on log j, but we do give a suggested plan for proving it is asymptotically 6.

j 10° 2x10° [3x10° [4%x10° |5x10° | 6% 10°
100 |4131 | 4121 4077 4099 4123 4109
200 4061 | 4107 4174 4181 4231 4050
300 3800 | 3850 3954 3980 4002 3969
400 3630 |3703 3800 3744 3877 3875
500 | 3466 | 3587 3673 3710 3793 3772
600 3351 3512 3526 3594 3722 3682
700 3294 | 3435 3502 3543 3627 3593
800 [3213 | 3301 3431 3475 3577 3574
900 2822 3245 3337 3411 3522 3477
1000 | 2358 | 3197 3248 3334 3459 3439

Throughout this note, the constants implied the by Landau symbol O and by the
Vinogradov symbols < and >> are absolute. We also use the notation A < Bif A <
B < A. We also write al|b for positive integers a, b if a | b and ged(a, b/a) = 1.

2 Proof of Theorem 1.1

We begin with a criterion for 7j(n) to be even.

Lemma 2.1. Letj = 2. Suppose that there is a prime p||\n and n has no divisor from
the interval (j, pjl. Then t;(n) is even.

Proof. Suppose the hypotheses hold. Let
A={d|n:d<jptd}, B={d|n:d<j pld],

sothat {d | n : d < j} is the disjoint union of A and B. It suffices to show that
#A = #B. For each d € A consider pd. Then pd | n and pd < pj. But by our
hypothesis, we must then have pd < j, so that pd € B. Thus, #4 < #B. Now take
d € B. We may write d = pd’, where d’ | n,p + d’,andd’ <j/p <j. Thus, d’ € A,
which shows that #B < #A. So, #A = #B, completing the proof.
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For real numbers x = z = y = 1, let H(x,y, z) denote the number of integers
n < x which have a divisor in the interval (y, z]. From the main theorem in Ford [3],
we have the following result.

Lemma 2.2. Suppose thaty > 2 and 2y < 7z < y* < x. Letu = logz/logy — 1, so
that 7 = y1+”. Then,

H(x,y,z) =< xu’ (log(2/u)) /2.

Note that [3] states this result for y = 100 and x = 100,000, but by adjusting the
implicit constants, the result can be seen to hold in the larger range asserted.

We now proceed to the proof of the theorem. Let 2 < k < j be a parameter
to be chosen shortly. First note that the number of n < x for which there is no
prime p < k with p|ln is O(x/logk). Indeed this follows from sieve methods, in
particular [4, Theorem 2.2]. Let u = logk/logj and z = kj = j'™*. By Lemma 2.2,
the number of n < x which have a divisor in (j, z] is O(xu’ (log(2/u))~>/?). Let us
equate these two O-estimates so as to fix our parameter k:

logk\’ 2logj\\ 2
S xu’ (log(2/u)) /% = x i_ log °8J .
log k logj log k

After a small calculation this leads to a reasonable choice for k being

k = exp ((log /)" (log log(2j)) /" *?) .

With this choice of k£ we have that the number of n < x for which it is not the case
that both

* there is a prime p < k with p||n,
* nis free of divisors from the interval (j, &j],

is O(x/logk). By Lemma 2.1, if both of these conditions hold, then t;(n) is even.
With the choice of k given just above, this completes the proof.

It is clear that any integer n which has no prime factors in [1, j] also has 7j(n) = 1;
that is, 7j(n) is odd. Thus,

X
Nj(x) > —,
logj

using [4, Theorem 2.5].
This “trivial” lower bound can be improved using ideas similar to those used to
prove Theorem 1.1.

1/2—c¢

Theorem 2.3. Let ¢ > 0 be arbitrarily small. Uniformly for j < x and x

sufficiently large (in terms of c), we have

X

N> o)) (loglog @)
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Proof. Tt follows from [3, Theorem 4] that for j < x'/27¢, the number of integers
n < x with exactly 1 divisor in (j/2,j] is of magnitude x(log )~ (log log(2j)~%/2.
Further, from the comments in the first paragraph of Sect. 1.3 in [3], the same is
true if we ask in addition that » is odd. For such an odd number 7, it follows by an
argument akin to that of Lemma 2.1 that 7;(2n) is odd. The claimed lower bound
follows.

To close the gap between this lower bound and Theorem 1.1, the following
strategy might be tried. It follows from Lemma 2.1 and its proof that if z;(n) is
odd and if p is the least prime with p||n, then n has a divisor in (j, pj] that is divisible
by p. (It is also possible that n has no prime factor p with p||n, but such numbers are
negligible.) Let N;(x, p) denote the number of integers n < x such that (i) p is the
least prime with p||n and (ii) n has a divisor in (j, pj] divisible by p. Again following
the thoughts in the first paragraph of Sect. 1.3 of [3], it may be possible to show
that for each p < exp((logj)'/?), Nj(x, p) is uniformly bounded above by a constant
times

1 x(log p)°
plogp (logj)’(loglog(2/))3/?

&)

That is, a factor plogp is introduced in the denominator due to the condition that
p is the least prime with p||n. Summing this estimate for p < exp((logj)'/?) yields
the estimate O(x(logj)~%(loglog(2j))~/?), with larger values of p being trivially
negligible. Thus, we would have a match with the improved lower bound, at least
forj < x'/%7.

The estimate (1) would follow if one could show that the number NJ’ (x,p) of
integers m < x/p having a divisor in (j/p,j] and such that if g||m then ¢ > p, is at
most a constant times the expression in (1) for p < exp((logj)'/?). Multiplying
such a number m by p would cover all those n counted by N;(x,p), that is,
Nj(x,p) < Nj(x,p). It would seem that upper bounding N;(x,p) in this way is
eminently provable using the ideas in [3], since integers m with such restrictions
on their small prime divisors seem less likely to have a divisor in a given interval
than integers in general.

3 A Corollary

We saw at the start that if j is randomly chosen in [1, n], it is more likely than not that
7j(n) is odd, despite our theorem. This is because of the huge weight of the interval
[n/2,n). To equalize things, we might take a harmonic measure. Fory € R, y > 1,
let 7,(n) = 1) (n). Let

1 d
S(n) ={y €[l,n] : ty(n)isodd}, f(n) = k)gn/S();X
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Then we always have 0 < f(n) < 1. Further, if n is prime, then f(n) = 1, while if
n = 2p where p is prime, then f(n) — 0 as p — oo. We can ask what is the normal
value of the statistic f(n). The following corollary of Theorem 1.1 addresses this
question.

Corollary 3.1. There is a set of integers </ of asymptotic density 1, such that if
n — oo withn € o/, then f(n) — 0.

Proof. Since we always have f(n) € [0, 1], the assertion of the corollary is
equivalent to

Zf(n) =o(x), x— 00,

n<x

and this in turn is equivalent to

Z f(n) =o(x), x— o0,

nE(%x.x]

which is equivalent to

Z / ——o(xlogx), X — 0. 2)

E(l NORRA

Forn € (%x,x], consider its divisors 1 = dy < dp < --- < dy) = n, so that

/S(n) y Zl ( IH)

z<r(n)

i odd
The interval (d;, d;+1) has the companion interval (n/d; 1, n/d;), which is the same
as (dr(n)—i, dr(m—i+1). Further if n is not a square, i is odd if and only if T(n) — i is
odd. Thus, for n not a square,

/ dy 5 / dy
Sy Y S(m)N[1,4/n)] y'

Since the squares are negligible, to prove (2), it now suffices to prove that

Z / — =o(xlogx), x— oo. 3)
ne(bus Sm)N[1,4/n) Y
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This sum is equal to

né(%x,x] jﬂﬁ J
7j(n) odd

except for a possible error of o(1) as x — oo caused by j = |/n]. Ignoring this
triviality, the sum in (3) is now equal to

j+1 1 1/(148)
Z log T Z I < x Z W < x(log x) ,
JS<Ax ne(txa SN

JS</n

7j(n) odd

using log((j+ 1)/j) < 1/j and Theorem 1.1. Since 1/(1 4 8) < 1, it follows that (3)
holds, and as we have seen, this is sufficient for the corollary. This completes the
proof.

4 Final Thoughts

Though the situation is much simpler in this note, the idea behind our Lemma 2.1
was inspired by the argument in Maier [5].

One might ask about other residue classes for 7j(n). Our proof can show that for
each fixed positive integer k, the set of numbers n such that k | (n) and k 4 7j(n) has
asymptotic density o(1) as j — oo. For k not a power of 2, it might be interesting to
investigate the density of those numbers n where k 4 t(n) and also k { tj(n).

It is interesting to see several connections of this note to work of A.S. Besi-
covitch. First, Ford’s theorem, cited in Lemma 2.2, is the latest chapter in a long
story that began with work of Besicovitch [1] in 1934, when he showed that
lim,— o0 H(x,y,2y)/x has liminf O as y — oco. And second, this note was motivated
originally by looking for examples for sequences that perhaps violated a result
known as the Besicovitch pseudometric, see [2]. In particular, it was thought if the
densities lim, o N;(x)/x did not approach 0, then this would be a violation. It is
interesting that we used a descendant of the 1934 Besicovitch result to show that
these densites do approach 0 and so there is no counterexample.

Acknowledgements Research of Kevin Ford was partially supported by the grant DMS-1201442
from the National Science Foundation. Research of Florian Luca was done when he visited the
Mathematics Department of Dartmouth College in Spring of 2014. He thanks this department for
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Counting Primes in Arithmetic Progressions

John B. Friedlander

To Helmut Maier on the occasion of his 60th birthday

These notes represent an expanded version of a lecture delivered at the Urbana
meeting of June 2014 in memory of Paul and Felice Bateman and of Heini
Halberstam, and, in modified form, at the October 2014 workshop at the Royal
Swedish Academy of Sciences, Stockholm, on the occasion of the presentation to
Yitang Zhang of the 2014 Rolf Schock Prize in Mathematics for his ground-breaking
work on bounded gaps between primes.

Both Zhang’s work [31] and the earlier work of Goldston—Pintz—Yildirim [19],
which had inspired it, kindled novel ideas on the use of sieve methods to produce
prime numbers in interesting integer sequences and sparked renewed interest, if
any reminder were needed, in the central part played in such developments by the
distribution of primes in arithmetic progressions.

We take advantage of this renewed activity to survey here some of the few things
we know (180 years after Dirichlet!) about that distribution and some of the things
we expect to be true. Inter alia, we highlight a key role which has been played in
parts of this story, based on ideas of Helmut Maier. It is a great pleasure to offer this
work as a tribute to Helmut on the occasion of his 60th birthday.

1 Primes in an Individual Progression

Dirichlet [8] set the subject on its feet by proving the fundamental result:

Theorem 1.1. Let q be a positive integer and a an integer relatively prime to q.
Then there are infinitely many prime numbers p with

p = a (modg) .
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Shortly after the proof of the prime number theorem, de la Vallée—Poussin
combined his techniques with those of Dirichlet to give an asymptotic formula
for the number of primes up to a given point, in an arithmetic progression.
Throughout, we shall find it convenient, following Tchebyshev, to count the primes
with logarithmic weight. Thus we define, for (a, q) = 1!

0(x;q,a) = Z 0(n),

n=<x
n=a( mod q)

where

logp if n =p is prime,
0(n) =
(n) { 0 otherwise,

and the expected error in the asymptotic formula,

E(x;q,a) = 0(x;q,a) — L,
9(q)

where, as usual, ¢(g) is Euler’s function, the number of reduced residue classes
modulo g. As is to be expected, analogous statements apply throughout the paper to
the similar prime counting functions ¥ (x; ¢, @) and 7 (x; g, a).

De la Vallée—Poussin gave the asymptotic formula

X
9 0 q, ~ T 1
(x:q.a) 2@ (1

with an error bound (actually, quite a bit stronger than)

E(x;q,a) Kaq x L

for arbitrary A, where here and throughout, we abbreviate . = logx and the
subscript indicates that the constant implied in < is allowed to depend only on
A and q.

The dependence on A is unimportant but, for numerous applications, it is vital to
obtain results which make explicit the dependence on g and, even more crucially,
to show that the asymptotic formula (1) holds already with g not terribly small
compared to x, and the larger the better. The best we know today is still the Siegel—
Walfisz theorem [30, Hilfsatz 3],

E(x;q,a) <4 xLA, 2)

!This co-primality restriction is assumed throughout, though not always explicitly mentioned.
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which looks the same as the previous bound until you notice that the dependence on
q has been removed. This gives the asymptotic formula as long as ¢ — oo no faster
than a fixed power of logx. Although of fundamental value in many applications,
this still leaves g too small for the result to be of use in a great many others.

However, we expect much more to be true. It follows from the generalized
Riemann hypothesis (GRH), assumed for those Dirichlet L-functions formed with
the characters of modulus g, that

E(x;q,a) < X2 L? ,

which implies the asymptotic formula in the range, say g < X2 P73,
Being more optimistic, by a conjecture of H. Montgomery which is widely

believed, we expect
X £
E()C, q, a) <<8 C_]x s

which would give the asymptotic in the range ¢ < x'% for arbitrarily small
positive 8.

On the other hand, one can go too far with such statements. Montgomery [24, 25]
actually suggested the conjecture in the stronger form

X 1ie
E(x;q,a) <. (5)2 <,

which would imply the asymptotic formula, for example, in the range g < x.£>.
This, however, cannot hold, even if —3 is replaced by any other number. Thus, as
a special case of the results in [15], one knows that the asymptotic formula

0(x:q.2) ~ ﬁ

fails for many odd ¢ in the range ¢ < Q with, just for example, Q = x.&~70:000.000

This result, as well as earlier ones [14, 17] in which the residue class a was required
to grow with x, depends on a simple but beautiful idea [22] of H. Maier. We give a
brief description of this in Sect. 4.

2 Approaching Twin Primes with the Sieve

Perhaps there is no chance to guess who might have been the first to make the twin
prime conjecture:
There exist infinitely many primes p such that p — 2 is also prime.
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It is natural to try to attack this problem using sieve methods. As a first try,
consider the sequence of numbers

o = 1 if n=m(m—2) for some m,
"7 10 otherwise.

We would like to study the sum

S(‘x) = Z al’[XI'L

n<x

where

X = 1 if (n,P) =1,
"7 0 otherwise.
with P = ]_[p<z p, hopefully with say z > Zx%, which would imply that both m and
m — 2 are primes.
If we try the ancient sieve of Eratosthenes, we write

SC) = any_ u(q) 3)

gln

with u being the Mobius function. Following an interchange of the order of
summation and an approximation of the resulting inner sum, our estimations founder
on the fact that the Mobius function has too large a support, so that the variable g
can range right up to x and, as a result, the errors in the approximation accumulate
beyond control.

Brun got the idea to replace the Mébius function p(g) by another function A,
similar in many respects but having support restricted, say to ¢ < Q. This lost for
him the possibility of obtaining an asymptotic formula for the sum S(x), but the
choice of possible sequences A, was sufficiently rich that he could find candidates
which gave useful upper (and for z not too large, lower) bounds.

Proceeding, as with (3), we have

;anZAq = Z)Lq Z a, .

qln q<Q n<x
n=0( mod q)

Here, the inner sum counts integers m for which
m(m —2) = 0(modgq) . 4)

We can count these quite accurately for fairly large ¢ (the larger, the better). As a
result Brun [5] obtained, in particular, the following result.
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Theorem 2.2. There exists an integer K such that, for infinitely many m, each of m
and m — 2 has no more than K prime factors, multiplicity included.

Indeed, Brun’s method produces many such m; see, for example, Chap. 6 of [18] for
some explicit bounds.
Now, let’s consider a second approach. We define a new sequence a, by

a = logp if n =p—2 for some prime p < x,
"o otherwise.

This has a major advantage in that we are beginning with the knowledge that at least
one of the two integers is a prime. Proceeding as before, we have

Doand Ag=> A Y. logp. (5)

qln q<Q psx
p=2(mod q)

Now, we can see a major disadvantage to this approach. It is far more difficult to
estimate the inner sum which, in our earlier notation, is none other than 6(x; g, 2).

There is yet a third possibility for the use of sieve methods in approaching the
twin prime goal. Instead of insisting on integers differing by two and attempting
to minimize the number of their prime factors, one may begin with more general
clusters of integers potentially containing two primes and then seek to minimize
the diameter of those that are found to succeed. Until the work [19], such an idea
produced results which seemed too far from the goal to be a viable competitor
in the approach to twin primes. That has now greatly changed. As with the
second arrangement, this newer work rests heavily on the distribution of primes
in arithmetic progressions and, in particular, on bounds of the type we are about to
discuss.

3 Primes in an Arithmetic Progression, on Average

If, as before, we approximate 6(x; ¢, 2) by x/¢(q) and if we assume that the “sieve
weights” satisfy |A,| < 1 for all ¢, the effect of which turns out to be harmless, then
we see that the error in the inner sum in (5) satisfies the bound

error < Z |E(x; q,2)] . (6)
q<Q

Now, we are back to the problem of counting primes in arithmetic progressions to
large moduli. But we also see that, for the present purpose, we don’t need to know
about primes in individual progressions, just on average over the moduli ¢ < Q. We
still want to be able to take the range of the moduli, in other words Q, as large as
possible.
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Actually, rather than (6), we really need only to bound the sum > 4<0 AgE(x;q.2)
which could be smaller, since, like ((g), the A, can be expected to change sign quite
a bit. For either of these sums, it would be enough to get a bound < x.%~2 for
this application and a bound <, x.Z~* would handle almost any application to
problems which have been found to be approachable to date.

The first bound of this type is due to Renyi [27] who showed, with particular
reference to the twin prime problem, that

Y IE(xq.2)| < x 27 (7)

qeL

for a certain complicated looking but usable subset 2 (related to the support of Brun
sieve weights) of the integers {1 < ¢ < Q} with Q = x37%. As a result, he became
the first to derive the following theorem.

Theorem 3.3. There exists an integer K such that, for infinitely many primes p,
p — 2 has no more than K prime factors, multiplicity included.

Some fifteen years later, Barban [1], using a theorem of Linnik, improved Renyi’s
bounds of type (7) in a number of ways, in particular, extending the level to size
0 = xie, Combining this with work of B. Levin, he thus achieved K = 4 as
an acceptable choice. In 1965, Buchstab [6] used this result of Barban in more
advantageous fashion to prove Renyi’s theorem with the value of K = 3. Finally,
J.-R. Chen announced in 1965, with detailed proofs [7] appearing in 1973, the
lowering of the admissible value to K = 2.

By the time of Chen’s work, he could take advantage of the following fundamen-
tal result, which in particular improves the Renyi and Barban exponents.

Bombieri-Vinogradov theorem. For arbitrary A, the bound

Z max |E(x;q,a)| Kae xL 4 ®)
-0 (a.g)=1

holds with Q = x>~°.

In fact, Bombieri [2] gave this in the stronger form with Q = x2. 7B with some
B = B(A).

The B-V theorem has been the source of a multitude of applications. Note that
it confirms in a certain average sense the “level of distribution” x27¢ which, as
mentioned in Sect. 1, would follow from the GRH. The theorem also quickly gave
rise to conjectures corresponding to (and in fact pre-dating) the stronger conjectures
of Montgomery.

Elliott-Halberstam conjecture. The bound (8) holds with Q = x!~.
Actually, here too the bound was originally conjectured to hold with a level of
the type Q = x.%75; see [14] or, better still, the original work [9].
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In any case, the latter version was disproved in [14, 17], again based on Maier’s
idea, whereas the former has remained widely believed and has proved to be
important, spawning a large number of consequences. One of the most striking is its
implication in [19] that lim inf{p,+; — p,} < 16 (since improved to 12 by Maynard
[23D).

The fact that these conjectures of Montgomery and of Elliott and Halberstam
seem reasonable for moduli of size x' ¢, but are demonstrably wrong for moduli of
size x4, leads naturally to the following question. Quite apart from being able to
prove it,

What do we think might be the truth?
The authors in [17] made the following

Hypothesis. Let ¢ > 0. For all ¢ > go(¢), (a,q) = 1, and x > g(log ¢)' 7, we have

x\ 1—(1—&)d(x,q)
E(x;q,a) < (—) , )
q
where
1 log(log2/log, x
8(x,q) = min{—, M} . (10)
2 log, x

Here, log, stands for log log.

An analogous hypothesis is made about the sum 4<0 |E(x; q,a)|.
The expression for § in (10) is a little complicated to digest so we illustrate it in
two important special cases:

(I) One expects the asymptotic formula 8(x; g,a) ~ x/¢(q) to hold so long as
g < x4 for any A(x) — o0 as x — oo.

(I) We expect the asymptotic formula to hold with square-root cancellation in the
error, that is E(x; ¢, a) < (x/q)%“, provided that ¢ < x exp(—v/Z).

In [17] it is shown that the above hypothesis is false if one replaces 1 —e¢ by 1 + ¢
in (9). Perhaps it is dangerous to assume a result is best possible simply because one
does not know how to improve it!

4 Maier’s Idea

In the context of studying primes in arithmetic progressions, the Maier approach to
irregularity results amounts to a consideration of the double sum

D> 6P+ sq) (11)
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as r runs through the integers in a dyadic interval R/2 < r < R and s runs through
the integers 1 < s < S. Here, P is a parameter to be chosen and, for given r, the
inner sum counts, with our usual logarithmic weights, the primes in a progression
modulo g. Then summing over r, we obtain a counting over many progressions
modulo g. Now, if for example ¢ is a prime not dividing P or any r, then all of the
residue classes modulo g are reduced classes. If that prime is large and if we assume
a conjectured result for primes in progressions to such large moduli, then we can
evaluate this total counting.

Next, consider what happens if we interchange the order of summation in (11),
getting

ZZG(rP+sq). (12)

Here, the inner sum is over primes in (a dyadic segment of) an arithmetic
progression to modulus P. If the modulus P is not too large, then we know how to
evaluate that sum and then to sum that over s. But the latter sum will involve a count,
as s ranges, of the number of reduced residue classes modulo P. Now, however, we
choose our parameter P (of convenient size, essentially RP = Sg and) of the form

P=]]r. (13)

p<z

The number of reduced classes modulo P has, depending on the size of z relative
to S, a well-known oscillatory behaviour, governed by the “Buchstab” function. By
making a choice of the parameter z so that the number of classes is relatively large
(respectively small) compared to its mean value, we produce a rigourous evaluation
of (12) which gives a count too large (respectively too small) in comparison with
the count conjectured for the same double sum in the form (11).

This explanation might lead one to ask what happens if the moduli ¢ are much
smaller, why doesn’t the method still work? Actually, it does work but the results it
then contradicts are estimations so accurate that nobody would have believed them
anyway and indeed some can be more directly seen to be false.

S Bilinear Forms and the BFI Conjectures

Using elementary ideas of Tchebyshev [28], it is possible to replace sums over prime
numbers by more flexible bilinear forms. Begun in the work of 1. Vinogradov [29]
on the ternary Goldbach problem and then fashioned into a versatile tool by Linnik
[21] in his development of the dispersion method, these ideas have since engendered
quite a variety of useful elementary identities for the von-Mangoldt function (see
Chap. 17 of [18] for a representative sampling).
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What these identities have in common is that they replace 0 (k) (or A(k) or w(k))
by the sum of a few weighted divisor functions

Z O ,B n

mn=*k

so that we can make a transformation of sums

Z|E(x;q,a)| — sums of type ZlAa*ﬁ(x;q,a)l,
q q

where * denotes Dirichlet convolution and

1
Ar(xiga)= Y O > fmy.
nEa’(11\<'nf)d q) (nflqs)il

In practice, the sequences «,,, B, can be taken to be bounded by some power
of the divisor function t(n) and, after a further subdivision, supported in boxes
M/2 <m < M,N/2 <n < N.The only arithmetic information required is that one
of them, say f3,, satisfy a Siegel-Walfisz axiom, that is

Ap(N:q.a) <4 ||BlIV/N(logN)™ | (14)

where || .. .|| is the £;-norm.

One main advantage of a decomposition of this type is that it breaks a sum over
primes into pieces which might be estimated by different methods, no one of which
is suitable for all of them. As such, the method of bilinear forms has quite general
capabilities. Herein, we are specifically interested in its use in proving bounds of
B-V type. In order to prove such a theorem with Q = x"~¢ for some n > %, it is
sufficient to prove the same result for all relevant bilinear forms.

Thus, in [3] a number of such conjectures were proposed:

Conjecture I. Lete > 0. Let ,, B, be sequences as above with M = x! =%, N = ¢
where ¢ < ¢ < 1 — . Then, for arbitrary A we have

3 Auwp(xiq.a) Kane lllll|BIIVMNL™ (15)
q<Q
(g.a)=1

with Q = x.2 78 and some B = B(A).

Actually, this is a special case of the conjecture, which was phrased a little more
generally, in terms of £,-norms.

Some up-dating remarks about this are in order. Although Conjecture I has not
yet been disproven, following the work described in the previous section, it would be
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advisable to postulate the safer level Q = x!~%. Once one does this, it now becomes
reasonable to also postulate the independence of the implied constant on a (which,
at the time, was irrelevant to the work in [3]). This gives

Conjecture II. In the notation of the previous conjecture, we have

Z(g?gl | Aawp(x: q. @)| Kae llel]]|BIIVMNL™ (16)
< VT

with Q = x!~%.
Also in [3], a still weaker conjecture was proposed.
Conjecture IIl. Same as Conjecture I, but with Q = x%_".

Here, the point was that this weaker conjecture (after a use of Cauchy’s
inequality, which set this lower limit) had become something that was actually
provable, modulo assumption of the expected bounds for exponential sums over
certain rational functions in several variables.

It should be mentioned that, in very recent work, D. Polymath [26] has revived
the use of conjectures very similar to Conjectures I and II, to which they refer
as Generalized Elliott—Halberstam conjectures, and from which they derive the
exciting consequence that liminf{p,+; — p,} < 6. Thus, sharpening the earlier
conditional bounds of GPY and of Maynard, they show that, not only do such
conjectures, as has been known for quite a while, imply the Elliott—Halberstam
conjecture, but apparently they can imply important consequences stronger than
those implied by the Elliott—Halberstam conjecture on its own.

6 B-V Type Theorems with Special Weights

We have seen that, in applications, it is frequently unnecessary to have bounds for
the sum ) o |E(x: g, a)| but rather for weighted sums

Z AE(x;q,a) , (17)

q<Q
(g.a)=1

where the coefficients A, may be more flexible than those given by the absolute
value signs.

For example, if we have A = y % § with y, supported on R/2 < r < R and &;
supported on /2 < s < S with RS = Q (or if it can be written as a sum of not too
many of these convolutions), then we are in a position to estimate along the lines of
the previous section.



Counting Primes in Arithmetic Progressions 111

Already in the work of Renyi, the relevant sum was over a subset 2 of moduli.
Following the proof of the Bombieri—Vinogradov theorem, the search for levels of
O beyond the square-root barrier returned the focus to the use of flexible weighted
sums, in particular the well-factorable weights of Iwaniec [20], of great importance
for their use in applications of the linear sieve. For these weights, following an initial
breakthrough (beyond the Riemann Hypothesis) in [13], the level Q = X7 was
reached in [3]. For the problem at hand, this permits an upper bound for the number
of twin primes up to a given point, one which sharpens by a factor 7/8, the bounds
which, following Selberg’s work, had been achievable, at first only on assumption of
GRH, and later unconditionally, after the availability of the Bombieri—Vinogradov
theorem.

The Iwaniec well-factorable weights are a little complicated to be briefly
described. We give here three further examples of bounds for sums (17) having
weights of greater or lesser flexibility.

Example 1. Although it is the most recent, we mention as our first example that of
Yitang Zhang [31], one which is extremely flexible. We take, for z not too large, the
very smooth numbers

2=1{q<0Oplg=>p<z}
and define

4 = )sen (E(x;q,a)) if ge 2
700 otherwise.

For this choice of A,, Zhang was able to prove the bound

Y ME(ig.a) =Y |E(xiq.0)| <ax LM,
q<Q qE2

uniformly in a = a(q) of special arithmetic type and with Q = x271 for a specific
positive 1. Because of this uniformity in a (any such n would have sufficed), he
was able to derive a spectacular consequence, the first unconditional proof that
liminf{p,+; — p,} < oo.

In the next example, we shall take a to be fixed. In other words, we allow the
implied constants to depend on the residue class a.

Example II. Ttis natural to ask what level Q one can reach if one asks, in contrast to
the previous example, for very inflexible weights. If no flexibility at all is allowed,
such as with absolute values, then we still cannot take a fixed exponent n > 0
although, if a dependence on a is allowed, then [4] comes arbitrarily close.

As an example having some, but minimal, flexibility, we have the following
special case of Theorem 8 in [3].
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Theorem 6.4. Leta #0,A>0,e>0,0 =5 + = — & Then,

Z Z E(x;pip2.a) Lope xL74

Pl <x1%9 p2<x%9
where, as usual, py, p, run over primes.
Actually, the result holds uniformly in a up to a small power of x, depending on €.

Example III. Our final example is the simplest that one could think of; we take A,
to be identically equal to 1. This example, which has application to the Titchmarsh
divisor problem, was independently studied in [3, 12].

What is of particular interest here is that we can successfully treat the sum
> 4<0 E(x;q,a) with Q = x'7¢, due to the Dirichlet switching principle. In other
words, if we consider the equation

then the roles of g and r are symmetric and at least one of the two is < x2. Asa
result, as soon as you can push a little beyond the Bombieri—Vinogradov level, you
get to go quite a bit further.

The fact that we can succeed with such large ¢ means that we can rigourously
investigate the limit in the size of the level Q for which a bound

Z E(x;q,a) <, xL ™4 (18)

q<Q
(g.a)=1

can hold. We find that the answer depends on the residue class a, not so much its
size but rather its arithmetic structure. Thus, we have the following result of [16]
(which heavily uses [4]).

Theorem 6.5. FixA > 1, M > 1, ¢ > 0. For some B depending on A and M and
for all large x, the bound (18) holds for every Q < x% 78 and every 0 < |a| < x
satisfying

Z 1 < Mlog, x
pla

but, for every B and all large x, the bound (18) fails for some Q < x.Z~% and some
a, 0 < |a| < x, satisfying

Zl < (logzx)%"'g .

pla

If the Riemann Hypothesis is assumed then, in the last exponent, g can be replaced
by I.
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Thus, under RH, the result is tight apart from the epsilon. By taking an M > 1, we
see that it is the first case that applies to a typical residue class a.

Finally, it should be mentioned that, in connection with this last example, there

are interesting further developments in recent work [10, 11] of Fiorilli.
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Limit Points of the Sequence of Normalized
Differences Between Consecutive
Prime Numbers

Daniel A. Goldston and Andrew H. Ledoan

Dedicated to Helmut Maier on the occasion of his 60th birthday

Abstract Let p, denote the nth prime number and let d, = p,+; —p, denote the nth
difference in the sequence of prime numbers. Erdds and Ricci independently proved
that the set of limit points of ﬁéﬁ* the normalized differences between consecutive
prime numbers, forms a set of positive Lebesgue measure. Hildebrand and Maier
answered a question of Erdés and proved that the Lebesgue measure of the set of
limit points of lo‘é’}) - in the interval [0, 7] is > T as T — oo. Currently, the only
specific limit points known are 0 and co. In this note, we use the method of Erdds to
obtain specific intervals within which a positive Lebesgue measure of limit points
exist. For example, the intervals [1,2] and [, 1] both have a positive Lebesgue
measure of limit points.

Keywords Hardy-Littlewood prime k-tuple conjecture * Limit points of normal-
ized differences between consecutive prime numbers ¢ Singular series

1 Introduction

In this note, we are concerned with the limit points of the sequence of normalized
differences between consecutive prime numbers. Let p, denote the nth prime
number and let d,, = p,+1; — p, denote the nth difference in the sequence of prime
numbers. By the prime number theorem, the average size of the differences d, is
log p,, and therefore it is interesting to examine the distribution of the limit points
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of the normalized dlfferences d”

dn
gn

. Since log p, ~ logn as n — oo, one can equally

well consider the sequence 1
It is difficult to find spemﬁc limit points for the sequence of normalized prime
differences. In 1931 Westzynthius [12] proved that oo is a limit point, and it was
only in 2005 that Goldston et al. [6] proved that O is also a limit point. We expect
that every non-negative real number is a limit point, and this is a consequence of the
Hardy—Littlewood prime tuple conjectures.
We are concerned here with a result of Erd6s [5] and Ricci [10] who, in 1954,

measure. As we will see, the limit points obtained by thls method are not large. For
example, no finite limit point larger than 1 can be proven to exist by this method,
and the largest Lebesgue measure for the set of limit points that one can ever hope to
prove by this method is certainly less than 1. It was, therefore, a great breakthrough
when in 1988 Hildebrand and Maier [8] proved, among other more general results
that the Lebesgue measure of the set of limit points o

> T as lo‘gi -
finite limit points, which more than settled a question of Erdos to prove that there is
at least one finite limit point greater than 1.

In this note, we use the method of Erdds to obtain specific intervals in which there
must be a positive Lebesgue measure of limit points. A representative example of
our results is the following Corollary of our Theorem.

Corollary. The intervals [ , ] and [ 40, 1] each contain a positive Lesbegue

measure of limit points of the sequence Tog "

2 Erdds’s Method

The only information required concerning prime numbers in Erdds’s method is the
prime number theorem and a sieve upper bound for pairs of prime numbers. The
prime number theorem states that

w(x) := Zl ~ @, asx — o0.

Pn=x

We will use the following two relationships that follow immediately from this:

1~ 2, asx—> oo, (1)
logx

X<pn=<2x

'Erdés proved his result with this latter sequence, while Ricci used the former sequence.
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and

Z d, ~x, asx— 00. (2)

Let p denote a prime number. The singular series & (k) is defined for all integers
k # 0 by

-1
2C, 1_[ (I;Tz) , if k is even;

S(k) = plk (3)
p>2
0, if k is odd;
where
=[] -1 ) =oe6016 @)
2 = (p — 1)2 = U. e
p>2
Then the upper bound estimate on prime pairs that we need is
X
Yo 1= (@ + 06—, (5)
(log x)?
x<p<2x
p-+k prime

which holds for any arbitrarily small positive constant € and all sufficiently large x.
Here, % is a constant.

The value ¥ = 4 in (5) is due to Bombieri and Davenport [2] (See also [7]). If
k < (logx)?B for any given B, Bombieri et al. [3] obtained ¢ = % Their result is
only stated for the twin primes, but the above generalization holds. The best current
results are due to Wu [13], who obtained the constant 4 = 3.91045 uniformly for
all k, and ¢ = 3.3996 if k < (log x)? for any given B.

We will obtain our results from estimates for the consecutive prime gap counting

function for prime numbers in the interval (x, 2x] defined by

GM)=Gx.M)y= Y 1

X<pn=2x
<M

n
logpn =

Further, we define

—1
G*(M) := liminf ((L) G(x, M)) .
x—>00 log x

From (5), we prove the following bound on normalized consecutive prime differ-
ences in an interval.
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Lemma 2.1. For fixed numbers 0 < a < b, and € a real number for which (5)
holds, we have that

X

Gb)-G@= Y 1=(@+eb-a

X<ppn=<2x

log x ©

dn
—n_ <
< Togpn =b

holds for any arbitrarily small positive constant € and all sufficiently large x.

Using Lemma 2.1 and a standard analysis argument, we obtain the following
lower bound on the measure of the set of limit points.

Lemma 2.2 (Erdés [5]). Let

d, d,
S(M) = : <M
logp, logp,

and let
S*(M) = {c: c is a limit point of S(M)}.
Then we have
n(S* ) = G* ()

where m(E) denotes the Lebesgue measure of the set E.

We now need to find lower bounds for G*(M). Erdds found two methods for

doing this. The simple method he used in [5] obtains a non-trivial lower bound for

M > 1, while the method in [4] obtains a non-trivial bound for M > 1 — =L

27
Lemma 2.3. Fix a real number M > 1. Then we have
1
G*M)>1——. 7
M) =1 ™
IfM > 1—#, then we have
¢+ 3

G*M)>1— —2. 8
M) = M + 1 ®)

The first lower bound (7) is better than (8) when M > 2. Combining Lemmas 2.2
and 2.3, we obtain the following Theorem.

Theorem. Let a be any real number for which a > €. Then each of the intervals

|:é (1—%),Mi|, forany M > 2, )
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and

L(_ats) /i - M (10)
-{1- M|, foranyl— — ,
a aM + 1 4 2€¢

contains a positive Lesbegue measure of limit points of the sequence lo?p .
n

Proof of the Theorem. Combining Lemma 2.2 and (7), we have

(ronn[2 -3 ) o (- )
(D))

which proves that (9) contains a positive Lebesgue measure of limit points. For (10),
since
u+ %
uM + 1

is an increasing function of u for u > 0 when M < 2, we have for any a > % and
1 -5 <M <2 that

a~|—%
aM + 1’

G*M)>1-

The same argument just used for (9) with this lower bound for G* shows (10) has a
positive Lebesgue measure of limit points. O

The Corollary mentioned in the previous section is obtained by taking the value
a = 4 which is valid since we can use a value of ¥ < 4 and take M = 2 in (9) and
M = 1in (10).

3 Proof of the Lemmas

In this section, the letter € will denote a small positive number which may change
each time it occurs.

Proof of Lemma 2.1. We make use of the sieve bound (5) together with the singular
series average

T(N):=Y &(k) ~N. asN — oo. 1)

k<N
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(See [2].) Let p’ denote, here and henceforth, a prime number that is not necessarily
adjacent to the prime number p. Then we have

2. = ) !

x<pp<2x x<p=<2x
a<—dn_ <p alogx<p’—p<blog2x
logpn =

2. X!

alogx<k<blog2x x<p=<2x
p+k prime

X
<+ ogn? > 6k

alogx<k<blog2x

X

<(E+e)b—a)

logx’
This completes the proof of Lemma 2.1. O

Proof of Lemma 2.2. Since §*(M) is a set of limit points in the interval [0, M], it is
a closed and bounded set of real numbers, and is therefore compact. We construct a
sequence of open covers of $* (M), the kth one being defined by

O = %Ic(k) = (c— %,c—i— %) ‘c € S*(M)} )

Letting

o= |J L.

ceS* (M)

we have that
o0
$ (M) = (1) Q.
k=1

Since {Qx}72, is an infinite decreasing sequence of measurable sets, i.e., a sequence
with Q41 C QO for each k, and since m(Q1) < M + 2, we have

m(S™(M)) = m (ﬂ Qk) = Jlim m(Qy),
k=1

by a standard property of Lebesgue measure. (See [11], Proposition 14, pp. 62-63.)
Thus, given any € > 0, we can find a sufficiently large number k( such that

m(S*(M)) = m(Qx,) — €. 12)
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By the Heine—Borel theorem, the open covering &}, of S* (M) has a finite subcover-
ing {I., (ko), ..., I (ko)} with¢c; € S*, 1 <i <r,and

§* M) C |1 (ko) C Qs

i=1

The open intervals I, (kg), with i = 1,...,r, may not be disjoint from each other.
However, since the union of two overlapping open intervals is itself an open interval
containing both of the original intervals, we may combine overlapping open
intervals to obtain a smaller number of disjoint open intervals with the same union
as the original intervals. As a result, we have obtained a finite collection {/, ..., [},
with s < r, of disjoint open intervals such that

S*(M) C UI,- C Ok,

i=1

Letting £(I) denote the length of the interval I, we have by (12) that

m(S*(M)) > m (OL) —€= iﬁ(],-) —e.

i=1 i=1

By Lemma 2.1,

) £

X<pn=<2x

o = ((% +o
log x
10‘;#61,'
_dn

and since for all sufficiently large n each number Tog

i, we have

lies in an interval /; for some

—1
m(S*(M)) > ((‘5 + e)@) G(x,M) — e,

for x sufficiently large. Since the left-hand side of this inequality does not depend
on x, we take the lim inf of the right-hand side and obtain Lemma 2.2. m|

Proof of Lemma 2.3. Since

dn
GM) = Z 1z Z (I_Mlogx)

x<pp<2x x<pp<2x
lo(é,;; <M dp<Mlogx
" (13)
1
> Mlogx —d,) =: HM),
= oms 2o (Mlogx—dy) =t HM)
X<pn=<2x

dp<Mlogx
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by (1) and (2) we have
1
H(M) > M1 —d,
M) 2 o D (Mlogx—dy)
X<pn=<2x
1
= Y 1- > d, (14)
X<pp<2x Mlng X<pp<2x
>(|1- i —€ a .
M logx
Hence

x \7! 1
() 0= (1-5-¢).

for x sufficiently large, and (7) follows.

We can improve on this argument when M is close to 1 by using the sieve
bound (5) which prevents the lengths of all of the consecutive prime differences
from being concentrated in a very small interval.

Letting A > 1 be a fixed number that will be chosen later in terms of M and €,
we have by (14) that

for x sufficiently large. Now taking M < A, we have

H(A) = Z (Alogx —d,) + Z (Alogx —d,)
A logx X<pp<2x X<pp<2x
d,<Mlog x Mlogx<dy<Mlogx
P-r
= G + Z (1 B )Llogx)

x<p<2x
Mlogx<p'—p<Alogx

= G(M) + H (A, M).

We will show below that

a2
M) < (6 + 0 C M (lozx),
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and therefore on combining these last three equations we have

x \! 1 (A — M)?

z%(k—l—%(k—M)z)—e.

The choice A = M + % maximizes the expression in the parentheses, and with this
choice we obtain

x _1G(M)>1 ‘5+%
log x - eM+1 ©

and (8) follows.
To prove the bound for H;, we see that the same calculation used in the proof of
Lemma 2.1 gives

x k
Hi(M) = (€ + ) o > (1—Mogx)6(k)

Mlogx<k<Alogx

— (€ + )T (A logx, Mlogx) — .
(logx)?

where

k
nwn = ¥ (1-3)sw.

V<k<W

and V = V(x), W = W(x), and W — oo as x — co. By partial summation, we have
using (11) that

TV(W,V) = /VW (1 - viv) dT (1)
= ‘/I—V/‘/W(W—u)du—i—o(W)

= %(W— V)2 + o(W),

and the bound for H; follows. This finishes the proof of Lemma 2.3. ad
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4 Further Results and Comments

Recently, Pintz [9] proved that there is an ineffective small positive constant ¢ for
which the interval [0, c] consists entirely of the limit points of kijn. His proof makes
use of Zhang’s recent breakthrough [14] on the existence of bounded differences
between prime numbers. Banks et al. [ 1] have used the even more recent methods of
Maynard and Tao to prove that for any set of real numbers 0 < A; < A; <... < Ak
at least one of the differences A; — A;, with 1 < i < j < k, is a limit point of lo‘é"pn
provided £ > 9. This implies far stronger results than anything in this paper. In
particular, they obtain that at least 12.5 % of all the positive real numbers are limit
points of the sequence of normalized consecutive prime differences. With regard to
Erd6s’s question of limit points greater than 1, they obtain that such limit points
must exist in the interval [1, 8 + 7], for any n > 0.

It has been pointed out to us by Julian Ziegler Hunts that one can generalize the
results of the current paper to examine limit points of ’%, in which case the
intervals obtained should be unattainable by the method of Banks et al. when r is
large enough.

Acknowledgements The first author received support from the National Science Foundation
Grant DMS-1104434.
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Spirals of the Zeta Function I

Steven M. Gonek and Hugh L. Montgomery

To Professor Helmut Maier on his 60th birthday

Abstract Assuming RH, it is shown that the curve (1/2 + i) spirals in the
clockwise direction for all sufficiently large ¢, in the sense that its curvature is
negative.

1 Introduction

It is well known that arg £(1/2 + it) increases for 0 < ¢t < 1, = 6.289836, and
that it is decreasing for + > ¢;, apart from jump discontinuities of height mm at
t if there are precisely m > 0 zeros B + iy (counting multiplicity) of {(s) with
y = t. This behavior depends on the Hadamard product and functional equation
of the zeta function, but is independent of its Euler product, and of the Riemann
Hypothesis (RH). It may be similarly noted that the curve {(1/2 + it) turns in the
counterclockwise sense (i.e., k(f) > 0) for 0 < t < f, = 2.7564883864, and it
seems that the curve turns in the clockwise direction (k(f) < 0) for ¢t > #,. We
confirm this, assuming RH (Fig. 1).

Theorem 1.1. Assume RH, and let k(t) denote the curvature of the parameterized
curve {(1/2 + it). There is a t, > O such that the curve turns in the clockwise
direction for all t > t,, which is to say that k(t) < 0 for all t > t,.

It might still be the case that « () < O for all large ¢ even if RH is false. Whether or
not depends a great deal on the positions of zeros off the critical line. It is therefore
instructive to examine the issue for a function that has a functional equation similar
to that of the zeta function, but has no Euler product. Titchmarsh [4, Sect. 10.25]
defined a function f(s) to be a linear combination of two quartic L-functions modulo
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Fig. 1 The curve ¢(1/2 + ir) for 0 <t < 40, with {(1/2 4 ity) and £(1/2 + i)

5, and showed that it has zeros with real part > 1, although it satisfies a functional
equation. As was first discovered by Spira [3], the first zero of f(s) off the critical
lineis at o = 0.1914828 4i85.69934849, together with 1 —p, ¢, and 1 —p. Levinson
and Montgomery [1] showed that under suitable circumstances zeros 8 + iy of ¢(s)
with 0 < B < 1/2 are in one-to-one correspondence with zeros B + iy; of {’(s)
with 0 < ) < 1/2. The same reasoning applies to f (s), so f’(s) has exactly one zero
B1+ iy in the rectangle —1 < B; < 1/2,2 < y; < 100, namely o; = 0.4053715+
i85.70513603. Let «¢(¢) denote the curvature of the curve f(1/2 + if). Then x¢(f)
is generally negative, but this zero g, just to the left of the critical line causes ¢ (f)
to be positive in the interval [85.559071, 85.849586]. In particular, k¢(y;) = 9.856.
The curve f(1/2 + it) for ¢ near this height is plotted in Fig.2. Numerical studies
reveal that f(s) has exactly 252 zeros with § < 1/2 and 0 < y < 5000. Each
one is accompanied by a nearby zero o, of f'(s), and «;(y;) > 0 for all but 10
of these y,. The first example of a zero o with 8 < 1/2 for which the curvature
remains negative occurs when o = 0.10224984-i2442.530292 with associated 9| =
0.26646544-i2442.535402 for which k¢(y;) = —0.232836. Moreover, k¢ (t) < 0 for
2425.05 <t < 2452.43. Assuming that the one-to-one association of o with ¢ can
be continued, let N;_(7) denote the number of zeros ¢ of f(s) for which < 1/2,
0 <y =T,and ks(y1) < 0. Similarly, let Nr4 (T) denote the number of zeros g of
f(s) for which B < 1/2,0 < y < T, and k¢(y;) > 0. Not only do we conjecture
that both N;_(T) and Ny (T) tend to infinity with 7', but also that Ny_(T) > T and
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Fig. 2 The curve f(1/2 + it) for 80 <7 < 90

Ny (T) > T for all large T. Indeed, we find it plausible that Ny_(T)/T — oo and
Ny (T)/T — oo as T — oo. However, we offer no speculation as to the relative
asymptotic sizes of Ny_(T') and Ny (T).

2  Proof of the Theorem

We show first that the curvature of the curve {(1/2 + it) at height ¢ in the complex
plane is

N (1/2 + i)

O e

ey
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To this end we write the tangent vector i¢’(1/2 + i) in polar coordinates, so that
it’(1/2 + it) = Re'®. Here

« :%—i—argE’(l/Z—l—it) :%+Slog{/(l/2+it).

By the Cauchy-Riemann equations it follows that

da é—/l

- = g 2 (1/2+if). )

With s denoting arc-length, we have

ds
— =R=\'(1/2+i)]. 3
o =R=1{(/2+in)] )
Since

do

_da_E
K(f)—g—%, (@)

dt

the relation (1) follows from (2) and (3).

Levinson and Montgomery [1], assuming RH, showed that ?RC—/(S) < 0 for s in
various regions, and thus gave a new proof of Speiser’s theorem [2] to the effect that
¢'(s) # 0 for0 < o< 1/2 if and only if RH is true. In the same way that it is
natural to express % £ (s) in terms of a sum over zeros of £ (s), one may write & ra (s) in
terms of a sum over zeros of ¢’(s). In this way, Yildirim [5] showed, assuming RH,
that ¢’ (s) # 0 for 0 < o < 1/2. In particular, Yildirim showed, assuming RH, that

i
5)%?(1/2+it) <0 5)
for + > 100. Since it is an easy matter (using, e.g., Maple or Mathematica) to plot
k(t) for 2 <t < 100, it follows that k (#) < 0 for ¢ > #, where 1, is defined to be the
root ijlz (1/2 + it) = O near 2.75.

Acknowledgements The authors supported in part by NSF grants DMS-1200582 and DMS-
063529.
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Best Possible Densities of Dickson m-Tuples,
as a Consequence of Zhang—Maynard-Tao

Andrew Granville, Daniel M. Kane, Dimitris Koukoulopoulos,
and Robert J. Lemke Oliver

Abstract We determine for what proportion of integers 4 one now knows that there
are infinitely many prime pairs p, p 4 h as a consequence of the Zhang—Maynard—
Tao theorem. We consider the natural generalization of this to k-tuples of integers,
and we determine the limit of what can be deduced assuming only the Zhang—
Maynard-Tao theorem.

1 Introduction and Statement of Results

The twin prime conjecture states that there are infinitely many pairs of integers
(n, n 4 2) which are simultaneously primes. More generally, Hardy and Littlewood
conjectured that each entry of the k-tuple (n + hy,--- ,n + hi) should be prime
infinitely often, unless there is a trivial reason why this cannot happen. This
“trivial reason” is about divisibility by small primes p. For example, the triplet
(n+ 2,n+ 4,n + 6) can never all be prime if n > 1 because at least one of them
must be a multiple of 3. So we call a k-tuple admissible if, for each prime p, the
reductions of the numbers #4, ..., iy modulo p do not cover all of Z/pZ. With this
definition in hand, the Hardy-Littlewood conjecture states that if (A, ..., A) is an
admissible k-tuple, then there are infinitely many integers n for which the numbers
n+ hy,...,n+ hy are all prime.

Even though we are still far from proving the full Hardy-Littlewood conjecture,
there has been remarkable progress made towards it recently. Firstly, in May 2013,
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Yitang Zhang [6] made headlines by proving that there are bounded gaps between
primes, and specifically that

lim inf p,41 — px < 70,000,000,
n—o0

where p, denotes the n-th prime. Then, in November 2013, James Maynard [3]
and Terence Tao independently showed, using somewhat different techniques, that
70,000,000 can be replaced by 600, and, as it stands right now, the best bound
known is 246, due to the Polymath project [5]. Even more impressively, they proved
that for any integer m > 1 there is an integer k = k,, such that if (4, ..., ) is an
admissible k-tuple, then there are infinitely many integers n for which at least m of
the numbers n + hy,...,n + h are prime. Obviously, k,, > m, and in [5] it was
shown that one can take k, = 50 and k,, < &>-82".

We call a k-tuple of integers (hy, ..., ) a Dickson k-tuple if there are infinitely
many integers n for whichn+ hy, ..., n—+ h; are each prime. The Hardy-Littlewood
conjecture is equivalent to the statement that “all admissible k-tuples of integers are
Dickson k-tuples”, and the Maynard-Tao theorem implies that “every admissible
kn-tuple of integers contains a Dickson m-tuple”. In particular, the Maynard-Tao
theorem implies that Dickson m-tuples exist, yet no explicit example of a Dickson
m-tuple is known! Nevertheless, a simple counting argument (which also appeared
in [2]) yields the following attractive consequence of the Maynard—Tao theorem.

Corollary 1.1. A positive proportion of m-tuples of integers are Dickson m-tuples.

Proof. Let k = k,, so that m < k, and define R = []

p<xP and x = NR for some
(very large) integer N. We let

N ={me(—xx: n,R) =1},

so that |.4"| = 2x¢(R)/R. Any subset of k elements of .4/ is admissible, since it
. . - . A
does not contain any integer = 0 (mod p) for any prime p < k. There are ( i )
such k-tuples. Each contains a Dickson m-tuple by the Maynard—Tao theorem.
Now suppose that there are T'(x) Dickson m-tuples within .4#". Any such m-tuple

is a subset of exactly (I/kV_I;m) of the k-subsets of .4, and hence

e . (|</V| - m) . (|</V|)’
k—m k
and therefore

AN /(1A 1=m w_ (PR
T(x)z( ) )/( - ) > (|LH1/K) —(k—R) (20",

as desired. O
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The main goal of this paper is to provide better lower bounds on the proportion
of m-tuples that are Dickson m-tuples. If A(m) is the proportion of such m-tuples,
then Corollary 1.1 implies that A(m) > 0. We are interested in determining the best
possible lower bound on A(m) assuming only the results of Zhang, Maynard, and
Tao and treating them as “black boxes”: If 2, is the set of Dickson m-tuples, then
there is an integer k = k,, for which:

* 9, is translation-invariant, that is to say, if (hy,...,h,) € 2, and t € Z, then
(h+t,....hy+1) €Dy

* 9, is permutation-invariant, that is to say, if (hy, ..., h,) € Y, and o € S,,, then
(hg(l), ey hg(m)) € @m;

e for any admissible k-tuple, (xi,...,x;), there exist distinct hy,...,h, €

{xl,...,xk} such that (hl,...,hm) € D

We call any set A C Z™ that has the above properties (m, k)-plausible. Then we
define

AN [—=N,N|™ . .
8(m, k) = min { lim infM A CZ" Ais (m,k) — plausible; ;
N—00 (2N)m
(D

and, for any m > 1, we have that

A(m) = §(m, ky,)
by the Zhang—Maynard—Tao theorem. Our main result is the following.
Theorem 1.1. For k > m > 1, we have, uniformly

(log 2m)°™
(£loglog 3)m=1"

m

S(m, k) =

In the Maynard—Tao Theorem we know that one can obtain k,, < e for some
constant ¢ > 0. The best value known for c¢ is a little smaller than 3.82, and Tao
(http://terrytao.wordpress.com/, Public communication; see also [2]) showed that
the Maynard—Tao technique cannot be (directly) used to obtain a constant smaller
than 2. So we deduce that

A(m) = §(m, ky) = ¢TI 5 o=,
and that this can, at most, be improved to > e
methods.

A de Polignac number is an integer h for which there are infinitely many pairs of
primes p and p + A (the twin prime conjecture is the special case & = 2). A positive
proportion of integers are de Polignac numbers, as follows from both results above,
but we wish to determine the best explicit lower bounds possible. In Sect. 2, using
quite elementary arguments, we will show that

using the currently available


http://terrytao.wordpress.com/
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1 1 1
AQ2)>62,k) > — 1 — -] ~ 0.002830695767 ... > —, 2
@) = 2)‘49,,1:5[0( ) S

and that this cannot be improved dramatically without improving the value of k, =
50. We remark that this bound is surprisingly good in light of the fact that we can
only deduce that there is some # < 246 for which there are infinitely many prime
pairs p,p + h.

Finally, we note that it would perhaps be more natural to consider the proportion
A¥(m) of admissible m-tuples that are Dickson m-tuples, rather than the proportion
of all m-tuples. To this end, in Sect.4, we determine the proportion g,q(m) of all
m-tuples that are admissible. Surprisingly, this question has seemingly not been
addressed in the literature, and we prove that

eo(m)

Qaa(m) = ———— 3)

(e” log m)™

asm — oQ.

2 The Density of de Polignac Numbers

To prove a lower bound on the density of de Polignac numbers, we consider
admissible sets B of integers that do not contain a Dickson pair. If the prime k-
tuplets conjecture is true, then necessarily |B| = 1, while Zhang’s theorem implies
that |B| < k, — 1. Because of this upper bound, there must be maximal such sets,
in that, for any ¢+ ¢ B such that B U {¢t} is admissible, B U {t} contains a Dickson
pair. This condition implies that t — B contains a de Polignac number, and we will
obtain a lower bound on §(2, k;) by varying ¢. To this end, for an admissible set B,
define 1(B) to be the minimal lower density of sets A with the property that t — B
contains an element of A whenever B U {t} is admissible. Moreover, for any integer
£, set (£) to be the infimum of 7(B) as B runs over admissible sets of size £. We
thus have that

A 2 52.ka) = | min_ 7(0).

and we will prove the following.

Proposition 2.1. For any integer £, we have that n(£) ~ e~ /€1log¥, and explicitly
that

I () =mo=5T10-)

p<E+1 p=y 14

for any positive integer y < £ — 1.
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For the particular application to A(2), we take £ € {1, ..., 49} in Proposition 2.1
to find that

1
§(2,k2) > min n(€) > 0.002830695767 > ——,
k) 2 min, n(6) > ~ 354

while taking y = 13 yields that (49) < 0.005328005328 < %, so that, using our
techniques, we can hope for an improvement in our lower bound for §(2, k;) by a
factor of at most about two. However, we can do better: the explicit upper bound

given in Lemma 3.1 below shows that §(2, 50) < ﬁ < 0.0048.

Proof of Proposition 2.1. We begin with the lower bound for 7({). Suppose that B
is admissible of size £, so that for each prime p < £+ 1 there exists a residue class n,,
(mod p) such thatp { n, + b foreach b € B.If t # —n,, (mod p) forallp < {4+ 1,
then B U {t} is admissible and so contains a Dickson pair, and, as remarked above,
¢t must be one of that pair, else B would have contained a Dickson pair. If x is large,
then the number of such integers ¢ < x is

1
~ 1_[ (1 — —)x
p<t+1 P

and we know that, for some b € B, t — b is a de Polignac number. Given t € Z, an
integer can be written in at most £ ways as t — b for b € B, since |B| = {. Hence,

1 1 eV
B - ]—— ~
@z ] ( p) Tlog €

p<t+1

as { — oo.

We now turn to the upper bound. We will construct sets A and B with the
properties that B is admissible and that if 7 is such that B U {¢} is admissible, then
there exists b = b, € B such thatt — b, € A.

Lety € {l,...,£ — 1} and set v = £ — y. Moreover, define r = l_[pﬁvp and
m= Hpge p, and select & large so that g := hv + 1 is a prime > £. We define A to
be the set of all integers a for which (a + 1,r) = landa = 0,1,2,...,0orh—1
(mod g). The density §(A) of A is

10-5) =10 -5)
T -=)=—TJl1--)-
q p) " =y, p

Py

Our set B will be constructed as the union of two sets, By and B,. For B;, we take
By := {by, b1, ...,b,} where each b; is chosen to satisfy b; = ih (mod ¢) and
b; =1 (mod m), and we choose B, to be a set of y— 1 integers covering the residue
classes 2,...,p—1 (mod p) for each prime p < y. We note that B := B; U B, has £
elements and is admissible: it occupies the congruence classes 1,...,p—1 (mod p)
for all p < y and covers at most y classes modulo p forp > y.
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If 7 is such that BU{t} is admissible, then  # 0 (mod p) for all primes p < y. We
can write = ih+j (mod g) for some i and j satisfying 0 <i <vand0 <j < h—1.
Consider t—b;. Thisis = j (mod ¢) and % —1 (mod p) for all primes p < y. Hence
t—b; € A, so that n(£) > §(A), and the result follows. O

Remark 2.1. Pintz [4] showed that there is an ineffective constant C such that every
interval of length C contains a de Polignac number. The proof of the lower bound
above furnishes a different proof of this result: the values of ¢ that appear are periodic
modulo r := ]_Lysk2 p, so, given a maximal set B, we obtain Pintz’s result with
C = r + max,ep b — minyep b.

3 Proof of Theorem 1.1

We begin with a strong version of the upper bound of Theorem 1.1.

Lemma 3.1. Ifk > m > 2 with k/m — oo, then

k k
m—1 lOg lOg m—1

§(m, k) < ( e’ +o(l) )m_l .

Proof. Pick q as large as possible so that (m — 1)¢(q) < k. We claim that
A={(x1,....xn) X1 =x=... =x, mod g}

is (m, k)-plausible. This is because any admissible set with k elements may take at
most ¢(q) distinct values modulo ¢, so by the pigeonhole principle, at least m of
these values must be congruent modulo ¢, giving an m-tuple contained in A. On the
other hand, ¢ is of size > (e¥ + 0(1))% loglog % as k/m — oo, and A has
density 1/¢™~". This completes the proof. O

The proof of the lower bound is somewhat more involved. A key ingredient is
the Lovasz Local Lemma:

Lovasz Local Lemma. Suppose that E1, ..., E, are events, each of which occurs
with probability < p and depends on no more than d of the others. If d < 1/(4p),
then the probability that no E; occurs is at least e,

The input for the Lovasz Local Lemma will come from the following technical
result.

Lemma 3.2. Let k > m > 1. Consider a translation and permutation invariant set
AC((=2x,2x]NZ)", and set N = {n € (=x,x)NZ: (n,[[,<,p) = 1}. If

AN ™ 1

> —
7 8m( ")
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and x is large enough in terms of m and k, then

Al > (log 3m)°™
~ (£ loglog £ym-t

Before we prove Lemma 3.2, we use it to deduce the lower bound in Theorem 1.1.

Proof of the lower bound in Theorem 1.1. Fix a large positive x and suppose that
A C [—2x,2x]™ is an (m, k)-plausible set, yet

k m—1
|A| < (log 2m)~"x" | (— loglog —)
m m

for some ¢ > 0. If ¢ is large enough, then Lemma 3.2 implies that

AN ™ 1
<

, 4

T = sm() @

where A" :={n € (=x,x]NZ: (n,[],<,p) = 1}. Now select integers ny, ..., m
uniformly at random from .4". We claim that there is a positive probability that
the n; are distinct and that there is no m-element subset of {n,...,n;} in A, which
implies that A is not (m, k)-plausible. We use the Lovéasz Local Lemma, in which
we wish to avoid the events n; = n;j for 1 <i <j < kand (xy,...,x,) € A for any
choice of m elements x1, .. ., x,, among the integers ny, . .., ng. There are (g) + (,I;)
such events. Each event depends on no more than m of the n;, and so depends on
no more than m(kjl) + m(rli:l) < 2m(:;11) other events. If xy, ..., x,, are m out of

the k random variables, then the probability that (x;,...,x,) € Ais < 1/ (8m(r];:11))
by (4). We finally note that the probability that n; = n; is 1/|4"| ~ R/(2x¢(R)) as
x — 00, which is certainly < 1/(8m(*~})) for x sufficiently large.

The Lovdsz Local Lemma now implies that there exist distinct elements
ny,...,ng € A for which (xi,...,x,) & A for all subsets {x,...,x,} of
{n1,...,n}. (In fact, the Lovasz Local Lemma implies that this is true for a
proportion > e~/ 21 of the k-subsets of A .) Hence, A is not an (m, k)-plausible
set, a contradiction. O

To prove Lemma 3.2, we first need another result. Given an m-tuple h =
(h1,..., hy), we denote by n,(h) the number of congruence classes mod p covered
by Ay, ..., hy,. Note that 1 < n,(h) < min{p, m} and that both upper and lower
bounds are easily obtained for some m-tuple h.

Lemma 3.3. Let k > m > 1. There is an absolute constant ¢ > 0 such that ifh is a
randomly selected m-tuple from N = {n € (—x,x] N7Z : (n, ]_[pskp) = 1} and x is
large enough in terms of m and k, then the probability that

1_[ (1 - L(h)) (1 — Ilj)_m > (log 3m)“™ (log log k)™~

p<k p
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is
1
= k—1\ "
16m( )

m—1

Proof. The result is trivial if k < m?, so we will assume that k > m?. Similarly, we
may assume that k is large enough. Moreover, note that there are <; |.4|""! =
Ox—>o00(|A|™) m-tuples (hy, ..., h,) with non-distinct elements. So it suffices to
show that if we randomly select a subset B = {by, ..., b,,} of distinct elements of
A, then the probability that

I (1 B @) (1 - ,%)_m > (log 3m)™ (log log k)"~

p=k p
is
1
=y
17m (m— 1)
By Mertens’ Theorem, the contribution of the small primes is

I(-3) (-2) = 1) =romr

p=m p<m?
for some absolute constant ¢; > 0. If ¢ > 2¢; and we set
B "
@ =[] (I—M) (1——) ,
m2<p<k p p
then we are left to show that

cm/ m— —1
IE”(f(B) > (log 3m)“™/*(log log k) 1) < 17m(:1__11).

Taking logarithms, we have

_ 2 _
logf(B) < Y (mp””+0(']%))§ y "”+0(]0;m)

m2<p<k m2<p<k p

conmn T B0 0(L)

ook p logm
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where X,,(B) = 1if n,(B) < m, and X,,(B) = 0 if n,(B) = m. Therefore, if we set
X(B) = Zmz<p < Xp(B)/p and we assume that c is large enough, then it suffices to
show that

P (X(B) > % loglog(3m) + logloglog k) <

1
=1y
17m (m— 1)
In turn, the above inequality is a consequence of the weaker estimate

P (X(B) > loglog(max{m*, mlogk}) + ) < % (5)
17m("))

m—1

where ¢’ is a sufficiently large constant.
The X, can be viewed as independent random variables as we run over all
possible sets B. As in the birthday paradox, the probability that X, = 0 is

(15 5) (=55) - (1520 = oo (57
2
=1+0(m?).

For any r, if p < r, then we trivially have that E[e"»/?] < ¢"/P, and otherwise

E[e™/?] = P(X, = 0) + P(X, = De'”? = 1 + P(X, = 1)(e"” — 1)

con(o(32))

Therefore, for any values of s and r, we have that
“P (X > 5) < E[e*] = HE[e’Xﬂ/l’] < H o'/P H OwPr/p)
p=k p=r p=r

< exp (r loglog r + O(r) + O(m*/ log r)) .
Thus, if r > m?, then setting s = loglog r + ¢’ for ¢’ sufficiently large, we find that
P (X > loglogr + c’) <e .

Substituting » = max{m?, mlog k} establishes (5) for k large enough, thus complet-
ing the proof of the lemma. O

Proof of Lemma 3.2. We partition the elements of [—2x,2x]|" into translation
classes, putting two elements in the same class if and only if they differ by
£,¢€,...,0) for some integer £. Each translation class T intersecting [—x, x]"
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contains at least 2x elements of [—2x, 2x]™ (and at most 6x). The main idea of the
proof is that if we can find at least U elements of A N .4 whose translation class
has at most M elements inside .4, then |A| > 2x- U/M.

Note that n,(h) is fixed over all B € T, so we denote it by n,(T). The number

of integers £ for which h + (¢,¢,...,£) € #™is < 3x]_[p§k (1 — ""—(T)> for x

p
large enough. If we set R = ]_[]7 < P> then Lemma 3.3 implies that the proportion of
elements of .4 for which

l_[ (1 _ M) < (@)m (log 3m)“™ (log log k)" ! (6)

p<k p
is<1 / 16m(’];:11), provided that x is large enough, with ¢ being an absolute constant.
Since A contains at least |.#"|/8m(*"}) elements in .#™ by assumption, we
find that A contains at least |.#"|/16m(*~}) for which (6) holds. Therefore, we
conclude that

m m .
|A] > % /{ (@) (log 3m)™(log log k)"~

m—1
x"(log 3m)°™m
(ﬁ log log %)’”_1

for x large enough, and the result follows. O

4 The Number Of Admissible k-Tuples

Our goal in this section is to show relation (3). Given a prime p, we say that an
m-tuple is admissible mod p if its elements do not occupy all of the residue classes
mod p, so an m-tuple is admissible if and only if it is admissible mod p for every
prime p. By the pigeonhole principle, any set of m integers is admissible mod p if
p > m, so to test for admissibility we need only work with the primes p < m. This
implies, using the Chinese Remainder Theorem, that

0aa(m) = [ ] €aalm. p),

p=m

where p,4(m, p) denotes the proportion of m-tuples that are admissible mod p.

If m/logm < p < m, then we note the trivial bounds (1—1/p)™ < g.a(m, p) < 1,
with the lower bound coming from counting m-tuples whose elements are not 0
mod p. Therefore

" mloglogm
1 2 1_[ Qad(m»p) Z 1_[ (1 —_ —) — eO( loggn;g )

m/logm<p<m m/logm<p<m P
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It remains to compute the contribution of primes p < m/logm. It is not difficult to
determine an exact expression for g,q(m, p) using an inclusion—exclusion argument:
the probability that the elements of an m-tuple h belong to a given subset of p — 1
residue classes is (1 — }7)’". There are (’1’) choices of the p — 1 residue classes. If the
elements of & belong to exactly p — 2 residue classes mod p, then & was just counted
twice and so we need to subtract the probability of this happening. That probability
is (1 — %)k, and there are (5) choices of the p — 2 residue classes. Continuing in the
way, we find that

m—1 L\ M
Qu(m.p) =Y (f) (~1y! (1 - 1’;)

J=1

(-0

We note that ratio of two consecutive summands in absolute value is

(?)(1—,%) =(1+ 1 )’"j+1>(]+ 1)*" 1
ey V) s ) i

> ZeXp{Ll —log(p — l)} > 2logm
p—

for all p < m/log m. Therefore, we deduce that

Qaa(m,p) = p (1 - l)m (1 + 0( : )) :
p logm

which implies that

logm

' _ O(rnlijoggl:)ngm) 1 B l m _e e
Qua(m) = e IT » o

p<m/logm P

eo( mlog]ogm)

which proves (a quantitative version of) relation (3).

S A Better Density in the Continuous Case

Analogous to the discrete question considered here, one can also ask about the
continuous version, i.e. the set of limit points .Z of the set of values of (p,4+i —
pn)/ log p,, where p, is the nth prime. One can deduce from a uniform version of
Zhang’s Theorem that for any 0 < f; < B, < ... < B; with k = k; there exists
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1 <i<j <ksuchthat §; — B; € .Z; in fact, this was done by Banks, Freiberg, and
Maynard [1]. By a small modification of the argument used to prove Corollary 1.1,
one can then show that £ N [0, T] has Lebesgue measure > 7T/(k — 1). Somewhat
remarkably, Banks, Freiberg, and Maynard were able to go beyond this by showing
that, given a sufficiently large k-tuple partitioned into 9 equal parts, at least two
of these parts must simultaneously represent a prime. From this, they deduce that
£ N0, T] has Lebesgue measure > T/8.
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A Note on Helson’s Conjecture on Moments
of Random Multiplicative Functions

Adam J. Harper, Ashkan Nikeghbali, and Maksym Radziwilt

To Professor Helmut Maier on the occasion of his 60th birthday

1 Introduction

In this note we are interested in cancellations in sums of multiplicative functions.
It is well known that

M) =) p(n) = 0G">*)

n<x

is equivalent to the Riemann Hypothesis. On the other hand, it is also a classical
result that M(x) > x'/27¢ for a sequence of arbitrarily large x. It is in fact conjectured
that

— M(x)

lim =B
J/x(logloglog x)

X—>00 5
4

for some constant B > 0 (see [21]).

Wintner [24] initiated the study of what happens for a generic multiplicative
function which is as likely to be 1 or —1 on the primes. Consider f(p), a sequence
of independent random variables taking values £1 with probability 1/2 each
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(i.e., Rademacher random variables), and define a multiplicative function supported
on squarefree integers n by

fm) =TTrw.

pln

We shall refer to such a function as a Rademacher random multiplicative function.
By the three series theorem, the Euler product F(s) := ]_[p(l + f(p)p~*) converges

almost surely for Rs > % From this Wintner deduced that

Zf(n) &« x'2%¢ almost surely (a.s.)

n<x

Since then the problem of the behavior of » " _ f(n) has attracted considerable
attention [7, 11-13, 17, 18]. A closely related model is to let f(p) be uniformly
distributed on the complex unit circle (i.e., Steinhaus random variables), and then
define f(n) :=[] e (p)* for all n. We shall refer to such a function as a Steinhaus
random multiplicative function.

Very recently mean values of random multiplicative functions arose in connec-
tion with harmonic analysis. In his last paper Helson [16] considered the question
of generalizing Nehari’s theorem to the infinite polydisk. He noticed that the
generalization could be disproved if one could show that

1T —it
Tlgﬁlﬁfo ‘Zn dt = o(VN). (1)
n<N
Using Bohr’s identification, we have
2q 1/2q 2q 1/2q

E

E n—it

n<N

1 T
= 1im = [ di )
T—oo T J,

for all 2¢ > 0, and with f(n) a Steinhaus random multiplicative function.
Therefore (1) is equivalent to

> f)

n<N

E| Y fn| = oV, 3)

n<N

with f(n) a Steinhaus random multiplicative function. Helson justified his belief
in (1) by observing that N(it) := Y, _yn~" is the multiplicative analogue of
the classical Dirichlet kernel D(0) = Y,y ¢”™™. Since [|D[li = o(||D]>)
Helson conjectured that the same phenomenon should happen for the “multiplicative
analogue” N(if). Another reason one might believe the large cancellation in (1) to
be possible is that on the %—line one has
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im 7 [ |2 57
TLII;oT 0 n<Nn1/2+it

as follows from the work of Bondarenko et al. [3]. This bound is stronger than one
would expect assuming only squareroot cancellation, which would suggest a size
more like log'/? N.

Recently Ortega-Cerda and Seip [22] proved that Nehari’s theorem doesn’t
extend to the infinite polydisk. However the problem of establishing (1) remained.
There are now reasons to believe that (1) is false. In a recent paper Bondarenko and
Seip [2] showed that the first absolute moment is at least /N (log N)~5+°( for some
small § < 1. Our primary goal in this note is to improve further on the lower bounds
for (2). Our results also work for Rademacher random multiplicative functions.

dt KL log1/4+”(1) N,

Theorem 1.1. Let f(n) be a Rademacher or Steinhaus random multiplicative
function. Then,

E > +/N(loglog N) =3+

> )

n<N

as N — oo.

The main input in the proof of Theorem 1.1 is the work [12] of the first named
author on lower bounds for sums of random multiplicative functions. Using Holder’s
inequality, we can extend the result of Theorem 1.1 to L9 norms.

Theorem 1.2. Let f(n) be a Rademacher or Steinhaus random multiplicative
function and let 0 < g < 1. Then,

2q

E > NY(loglog N)~6teM,

> fm)

n<N

Theorems 1.1 and 1.2 suggest it is rather unlikely that Helson’s conjecture is true.
See Conjecture 1.1, below.

In addition to the above results, we establish an asymptotic estimate for the 2k-th
moment when k is a positive integer.

Theorem 1.3. Let k € N. Suppose that f(n) is a Steinhaus random multiplicative
function. Then, as N — oo,

E

> )

n<N

2k
2k—2
) (k 1 )k_(k_” caye - N* - (log N)*=1,

where yy is the volume of Birkhoff polytope %y, defined as the (k — 1)? dimensional
volume of the set of (u;;) € ]R’_f such that
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foreachi <k: Z u; =1

1<j<k

and for eachj <k : Z uij =1,

1<i<k
and
_ _\# (“Z"fl_l)z)
C = l:[ (1 p) (1 + (; po‘ .

Note that %y is a (k — 1)? dimensional object embedded in a k?> dimensional space.
The (k — 1)? dimensional volume of % is equal (see, e.g., Sect. 2 of Chan and
Robbins [6]) to &~ times the full-dimensional volume of the set of (i;;);j<i—1 €
R*=D? such that, for all i,j < k — 1,

Z”Ljfland Z uij < 1and Z wi; >k —2.

j<k—1 i<k—1 ij<k—1

The latter is how the volume of % will actually arise in our calculations.

It is worth pointing out that finding a closed formula for the volume of the
Birkhoff polytope %, is a notorious open question and would be of interest in
enumerative combinatorics, statistics, and computational geometry (see [23]). There
are evaluations of Vol(%;) for small values of k (see [1, 6]),

3.32 352-43 4718075 - 5*
VOI(%3) = T s VOl(%4) = T s VOl(%S) = T, .

and an asymptotic formula is known to hold [5]

—(—1\2 1.2
(k=1)? Sk

k
Vol(%y) ~ V2me'/? . o , k — oo.
T

In addition the asymptotic behavior of the Euler product ¢, is known (see [9,
Proposition]),

log ¢y = —k?log(2¢” log k) + o(k?)

where y is the Euler—Mascheroni constant.
We note that Conrey and Gamburd [8] compute the even integer moments

2k
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on the %-line, and unsurprisingly the answer is extremely similar to Theorem 1.3
(in particular an Euler product and a volume related to the Birkhoff polytope again
appear). Conrey and Gamburd discuss the connection between their result and the
moments of certain truncated characteristic polynomials of random matrices. In
general, it seems reasonable to say that the arithmetic factor ¢, reflects local count-
ing modulo different primes in the moment computation, whereas the geometric
factor y; reflects global counting of tuples ny, ..., n; and my, ..., m; subject to the
truncation n;, m; < N.

We deduce Theorem 1.3 from a general result of La Breteche [4] on mean values
of multiplicative functions in several variables. Theorem 1.3 has also been obtained
independently by Granville and Soundararajan (unpublished), and also very recently
(and independently) by Heap and Lindqvist [15]. Additionally, Theorem 1.3 sheds
light on the conjectural behavior of moments of the theta functions,

0. ) =Y x(m)e™ ™

n>1

with p > 3 a prime, and y an even Dirichlet character modulo p. The rapidly
decaying factor e—/p essentially restricts the sum to those n less than about ,/p
(if x = 1, say), and the average behavior of y(n) with n < p'/? is similar to that
of a Steinhaus random multiplicative function. Therefore Theorem 1.3 leads to the
conjecture that

LS j6at, pi ~ Cpt2(ogp) P asp - .
p x mod p
X even
In unpublished recent work the same conjecture was stated by Marc Munsch on the
basis of his lower bound for moments of (1, y). Louboutin and Munsch [19] prove
the conjecture for k = 1 and k = 2.
Combining Theorems 1.2 and 1.3 suggests the following “counter-conjecture” to

Helson’s claim (1).

Conjecture 1.1. 1f f(n) is a Steinhaus random multiplicative function, then we have
as N — oo,

2q
E Zf(n)' N{C(q)Nq, for0<g<1

C(g)Ni(logN)@™D* for1 < gq.

n<N

Conjecture 1.1 suggests a possible line of attack on the problem of showing that for
a positive proportion of even characters y modulo p, we have 6(1, y) # 0. This
would be based on comparing the first and second absolute moments, i.e.

Y. 10, pland Y 6L 0l

x mod p x mod p
X even X even
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We emphasize that we do not have a lot of evidence towards Conjecture 1.1
when ¢ ¢ N, and perhaps especially when 0 < g < 1, and it is conceivable
the behavior could be more complicated. However this is the simplest possible
conjecture respecting the information that we now have. In addition for ¢ > 1 it
perhaps seems unlikely that the distribution of the tails of Y, _,f(n) (in a large
deviation regime) fluctuates so significantly that it would affect the exponent (g—1)?
of the logarithm when g goes from an integer to a fractional exponent. We also note
that if we could obtain the order of magnitude for the 2¢g-th moment suggested by
Conjecture 1.1 for g = %, then since we know it trivially for ¢ = 1 a simple
argument using Holder’s inequality (as in the proof of Theorem 1.2, below) would
establish the order of magnitude suggested by the Conjecture for all 0 < g < 1.

Finally, following a question from the referee, we noticed that we can extend
Theorem 1.3 to the Rademacher case. We omit the simple cases of k = 1,2 in the
theorem below, since both are different from the case k > 3.

Theorem 1.4. Let f(n) be a Rademacher random multiplicative function. Then, for
k > 3 an integer, as N — oo,

E( Zf(n))k ~ Cp - N¥2(log N)HE=3)/2

n<N
with C, > 0 constant.

Similarly as in Theorem 1.3 the constant C; splits into an arithmetic and geometric
factor. The interested reader should have no trouble working out the details.
Theorem 1.4 has also been obtained independently by Heap and Lindqvist [15].

At first glance it may seem strange that all the moments here (including the odd
ones) are non-trivially large, but that is because in the Rademacher case there is no
distinction between a term and its complex conjugate (and similarly if one calculated
an expression like E |Zn<Nf(n)|2k (Zn<1vf(”)) in the Steinhaus case, this would
be non-trivially large provided k > 1). Note also that the moments are rather larger
in the Rademacher case than the Steinhaus case, again because everything is real
valued and so the terms exhibit less cancellation.

2 Lower Bounds for the First Moment

In this section we shall first prove the following result.

Proposition 2.1. Let f(n) be a Rademacher random multiplicative function. There
exist arbitrarily large values of x for which

> fm

n<x

N

E >
~ (loglog x)3to()

The same is true if f (n) is a Steinhaus random multiplicative function.
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The above proposition is actually a fairly straightforward deduction from the
work of Harper [12]. However, it is a bit unsatisfactory because it only gives a lower
bound along some special sequence of x values. With more work we can correct this
defect, as in the following theorem announced in the Introduction:

Theorem 2.1. Let f(n) be a Rademacher random multiplicative function. Then for
all large x we have

S

E >
= (loglog x)3+oM

>

n=<x

The same is true if f (n) is a Steinhaus random multiplicative function.

The proof of Proposition 2.1 has two ingredients. The first is the observation,
essentially due to Haldsz [11], that one can almost surely lower bound an average
of |Zn<x f (n)| in terms of the behavior of f(n) on primes only: more specifically, in
the Rademacher case we almost surely have that, for any y > 2,

[°° X< f )|

mdz > sup exp

>1

D7 0w —logt —loglog(t + 2)/2).

( Zf (p) cos(tlog p)
P

Here the implicit constant in the >> notation is absolute. The reader should note that
the presence of the supremum over ¢ will be very significant here, since at any fixed
t the expected size of the right-hand side would be too small to produce a useful
result (about log'/* y, rather than about log y which is what we need).

The second ingredient is a strong lower bound for the expected size of the right-
hand side, which we deduce from the work of Harper [12]. We quote the relevant
statements from Harper’s work as a lemma now, for ease of reference later.

Lemma 2.1 (See § 6.3 of [12]). If (f(p)), prime are independent Rademacher
random variables, then with probability 1 — o(1) as x — 0o we have

f(p) cos(tlogp)

Sup p1/2+1/10gx

1<t<2(loglogx)2 p

> loglogx — logloglog x

—0((logloglog x)*/%).

If (f(P))p prime are independent Steinhaus random variables, then with probability
1 —o0(1) as x — oo we have

( RE@P™) | 1RE@)?*p")

RN )zloglogx—logloglogx

sup
1=<r<2(loglogx)? ),

—0((logloglog x)¥/*).
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The first statement here is proved in the last paragraph in § 6.3 of [12] (noting
that the quantity y there is log®x). The second statement can be proved by
straightforward adaptation of that argument, the point being that the expectation
and covariance structure of these random sums in the Steinhaus case are the same,
up to negligible error terms, as in the Rademacher case, so the same arguments
can be applied. (See the preprint [14] for an explicit treatment of some very
similar Steinhaus random sums.) The argument in [12] is quite involved, but the
basic aim is to show that, for the purpose of taking the supremum, the sums

SUP| </<2(loglogx)2 2_p % behave somewhat independently at values of ¢ that

are separated by > 1/logx, so one has something like the supremum over logx
independent samples.

To prove Theorem 1.1 we introduce a third ingredient, namely we show that
E |Zn<x f (n)‘ may itself be lower bounded in terms of an integral average of
E |Zn57f(”) , as follows:

Proposition 2.2. Let f(n) be a Rademacher random multiplicative function. For
any large x we have

E

> fm)

n=<x

>

Jx [V (JE| anzf(nn) dz
logx J, JZ z

The same is true if f (n) is a Steinhaus random multiplicative function.

This uses the multiplicativity of f(n) in an essential way (as does the proof of
Proposition 2.1, of course).

Theorem 1.1 then follows quickly by combining Proposition 2.2 with the proof
of Proposition 2.1.

As the reader will see, the proof of Proposition 2.2 is based on a “physical space”
decomposition of the sum ), _, f(n), which is somewhat related to the martingale
arguments of Harper [13]. This is unlike the other arguments above, which work
by establishing a connection between the integral average of Y _ f(n) and its
Dirichlet series ), f(n)/n* (on the “Fourier space” side).

n=<x

2.1 Proof of Proposition 2.1

The proof of Proposition 2.1 is slightly cleaner in the Rademacher case, because
then f(p)?> = 1 for all primes p. So we shall give the proof in that case first, and
afterwards explain the small changes that arise in the Steinhaus case.

We know from work of Wintner [24] that almost surely D °, _ f(n) = O« (x!/7te),
Consequently, by partial summation the Dirichlet series F(s) := Y., f(n)/n* is
almost surely convergent in the half plane f(s) > 1/2, and then by term by term
integration it satisfies
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F(s) = / e )dz, N(s) > 1/2.

v+1

In particular, F(s) is almost surely a holomorphic function on the half plane i (s) >
1/2.

On the other hand, since f(n) is multiplicative we have for any N (s) > 1 that, in
the Rademacher case,

F(s):n(lﬁ—fl(’f))—exp(Zlog( f(p)))
p
2 k+1 k
:eXp<Zfl()€) Zf(l?) Z( 1) Zf(l?) )
p

k>3

Therefore in the Rademacher case we have
Zn<zf (n ) f(p) f(p)*
| EE = e (D) >o)

at least when M (s) > 1, since both sides are equal to F(s). But all the sums involving
p* and p* are clearly absolutely convergent whenever 0i(s) > 1/2, and therefore
define holomorphic functions there. In addition, for any fixed s with R(s) > 1/2
the series Zp f—(‘f) is a sum of independent random variables, and Kolmogorov’s
Three Series Theorem implies it converges almost surely. Since a Dirichlet series is
a holomorphic function strictly to the right of its abscissa of converge, we find that

almost surely Zp L [(ﬁ) is a holomorphic function on the half plane % (s) > 1/2, and

)k+1

=

k>3

so almost surely we have, for all Hs > 1

/ Zn:rjl‘( n) (Zf(p)

Next, if we write s = o + it and take absolute values on both sides then we find
that, almost surely,

(= l)k+1 [
Z pks )

k>3 p

a+1

>exp< (Zf(p) Zf(p)2 Z( 1)k Zf(p)k>)

RE@P™) 1 R (p)2 )
— exp ( > TP -3 3 TP

" |/ [Eosto]

+ 0(1)), Vo > 1/2.

p
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If we take 0 = 1/2 + 1/logy for a parameter y > 2, and we note that then |s| =< [¢|
provided ¢ > 1 (say), we have almost surely that for all y > 2,

/oo —i anzf(”)i dz > sup exp (Z M - = Z RGPy —log t).
1 P

Z3/2+1/logy >1 p1/2+1/10gy 1+2/10gy

In the Rademacher case the first sum over p is Zp %, and (since f(p)* =

1) the second sum over p is R Zp m = Nlog¢(l + 2/logy + 2it) +
O(1), where ¢ denotes the Riemann zeta function. Standard estimates (see, e.g.,
Theorem 6.7 of Montgomery and Vaughan [20]) imply that |log (1 + 2/logy +
2it)| < loglog(t 4+ 2) + O(1) for t > 1, so we have almost surely that for all y > 2,

> ——dz > supexp

>1

f°° [ X<ef ()]
1

Z3/2-{—1/]0g)

( Z f(p) cos(tlogp)

P —logt —loglog(t + 2)/2).

“)

(The above argument and inequality (4) are essentially due to Haldsz [11], and
are also related to the arguments of Wintner [24]. The only small difference is that
Halész restricted to 1 < t < 2. See Appendix A of Harper [12] for a presentation
similar to the above.)

Now to prove Proposition 2.1, note that for any large parameters x and xyp < xj
we have

E|Y,fm] _ 1 / E[Y /@]
rosrn Jz “logx J, @2Feex O
since xol i < . —+%— = logx. Then by Cauchy-Schwarz we always

have E| 3, _.f(n)] < Z. 50

/XI E}ZnSZf(n”d > /oo E|z:n§zf(n)|dZ
XQ - 1

Z3/2—|—1/10gx Z3/2+1/10ch

/XO dz /‘°° dz
1 Z1+l/10gx ” Z1+1/10gx

©E[Y,<.f() log x
z / Z3/2+_1/ log x dz — IOgX() o 1/logx "
1 Xl
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In particular, if we choose xy = eV logx and x; = ellog) loglogx say, then we have

E' Znszf(n)l -~ 1 /oo E |Zn§zf(n)|dz . 2
x0<z<x1 ﬁ - Ing Z3/2+1/10gx ,—logx.

Finally, in the Rademacher case Lemma 2.1 implies that, with probability 1—o(1)
as x — oo,

®)

£) cos(rlogp)
2T e

Sup 1/2+1/logx

1<t=2(loglogx)?

>loglogx — logloglogx

— O((logloglog x)¥/*).
This implies that with probability 1 — o(1) one has

log x

f(p) cos(tlogp)
( Z ~ (loglog x)3+0(1) ’

Sup €Xp 1/2+1/10gx

>1

—logr—loglog(t + 2)/2)

and then by the Haldsz type lower bound inequality (4) we deduce

© E
/ SO, logx ©)
1

z .
2241 logx = (Jog log x) 3o

Proposition 2.1 follows in the Rademacher case by combining this with (5).

In the Steinhaus case the initial argument of Wintner [24] still works, so the first
change that is needed in the preceding argument comes in the expression for the
Euler product F(s), which for 3(s) > 1 is now

F(S)=l_[ 1+Zf(p)/ =exp( Zlog( f(p)))

4
) 1 fp)? 1 (p)*
=CXp( s +_Z 2s +Z_Z ks )
4 p 2 p p k>3 k p p
Notice this is the same as we had in the Rademacher case, except now there are
no alternating minus signs in the final exponential. The argument using the Three

Series Theorem, etc. then continues as in the Rademacher case to yield that, almost
surely,

/ an{mv (Zf(p) _Zﬂp)z Z%ngi?k)

k>3 V4

vV %i(s) > 1/2.
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Putting s = 1/2 + 1/ logy + it and taking absolute values on both sides, we deduce
that almost surely,

dz > sup exp

>1

/°° Xz )]
1

Z3/2—|—1/10,gy

(> JEErT  IREEP) )
p1/2+1/10gy 2 p1+2/logy &
V4

Vy>2. @)

Since we don’t now have f(p)?> = 1, we cannot remove the contribution of the
prime squares using estimates for the zeta function. However, by the Steinhaus case
of Lemma 2.1 we still have that, with probability 1 — o(1) as x — oo,

RE@P™) | 1REP)?*p"

sup ( -
1 <1<2(loglog 1)? ~ pl/2+1/ log x 2 p1+2/logx

) >loglog x —logloglog x

— O((log log log x)*/%),

and therefore with probability 1 — o(1) we have

(Z (ﬂi(f PP~ | IR(¢ (p)zp‘2”)) ~log t) __ logx

Sup €xp pl/2+l/lngx 2 pl+2/logx - (10g10gx)3+0(1)'

>1

Combining this estimate with (7) and (5) then proves Proposition 2.1 in the
Steinhaus case.

2.2 Proofs of Theorem 1.1 and Proposition 2.2

Proof (Proof of Theorem 1.1, Assuming Proposition 2.2). In view of Proposition 2.2,
it will suffice to prove that for all large x we have

/ﬁ El anzf(n” % - logx
1 V& z — (loglogx)3to’

However, for any large parameter y we have

/ﬁ (JEI Znszf(n)l) dz _ /ﬁ Bl Y/l
1 1

\/z z = Z3/2+l/logy

logy / CE[ ), < SO)

Z(loglogy)ero(l)_ s ey %
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in view of the lower bound [ E;%Ejﬁg?‘dz > (loglolgi)}; + obtained in (6). By
Cauchy-Schwarz we always have E| >, __f(n)| < /z, so the subtracted term here

is at most

® dz  logy
e z1+1/logy - (\/x)l/logy'

If we choose logy somewhat smaller than logx, say logy = (logx)/(100loglog
log x), we deduce that

/ﬁ B> <./ dz - log x logx log x
i NG z = (loglogx)***M  (loglogx)® ~ (loglogx)3*+o)’

as required.

Proof (Proof of Proposition 2.2). The first part of the proof again differs slightly
depending on whether we are in the Rademacher or the Steinhaus case. We will first
work in the Rademacher case and then explain the small changes needed in the other
situation.

LetA, := ), ., f(n). If we let P(n) denote the largest prime factor of n, we have

Ym=" > =) Y, fm),

n<x P=X n<x,P(n)=p p=x m=x/p.P(m)<p

since f is multiplicative. Here the inequality P(m) < p in the final sum is strict
because f is supported on squarefree numbers. Notice here that if p > /x then
x/p < &/x < p, so we automatically have P(m) < p in the inner sums over m. Thus
we can rewrite things slightly as

Yorm= D" fe) Y fm+ > fp) D flm)

n=x Jx<p=x m=<x/p P<4/x m=x/p.P(m)<p
= Z f(p)Ax/p + B,
Vx<p=x

say. Notice also that the random variables A/, and B, are independent of the f(p)

for /x <p <x
We shall introduce a penultimate piece of notation, by defining the random
variable

Coi= Y f(PAy,.
Jx<p<x
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Finally, let € be a Rademacher random variable that is independent of everything
else.

Now since the (f(p)) /z<,<, are symmetric random variables independent of B,
and the A,,, it follows that

S rm = > fAy+BEe > f(P)Ayp + B

n=x Jx<p=<x Jx<p=x

where = denotes equality in distribution. Then if we condition on the values of
B,, C,, we find the conditional expectation

E € Z f(p)Ax/p + Bx
Jr<p=<x

= (1/2)|Cx +Bx| + (1/2)| -G +Bx| = |Cx|,

By, Cx

by the triangle inequality. Now if we average over values of By, Cy, and use the
Tower Property of conditional expectations (the fact that the expectation of a
conditional expectation is the unconditional expectation), we obtain

E

> fm)

n<x

=Ele > f(pAy,+B.| = E|C].
Jx<p<x

On recalling the definitions of C, and A,/,, we see we have proved the following:

Lemma 2.2. For all large x we have

E

> f)

n<x

=E| Y fp) Y fm)].

Jr<p=<x m=x/p

(In the Steinhaus case one has a weak inequality P(m) < p in the definition of
B,, since f is totally multiplicative, but this makes no difference to the argument just
given. Instead of choosing € to be a Rademacher random variable one can choose €
to be uniformly distributed on the unit circle, and then one obtains exactly the same
conclusion in Lemma 2.2.)

Since the f(p) are Rademacher or Steinhaus random variables independent of the
“coefficients” ), _ i (m) = A,/p, an application of Khintchine’s inequality (see,
e.g., Gut’s textbook [10]) yields that
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2
El S @ Y fm|>E | > |3 fm)| .

Jr<p=<x m=x/p Jx<p=<x |m=x/p

It would be nice if we could find a way to exploit this (sharp) bound with the squares
still in place on the inside, but to prove Proposition 2.2 we shall trade them away in
order to remove the intractable squareroot. Thus by the Cauchy—Schwarz inequality
and the fact that Zﬁ<p5x 1/p =log2 + o(1) we have

> \ﬁ > fm)| <
Jx<p=x p m=x/p

SN

Jx<p<x |m=x/p

> oY Y s

Jr<p=<x p Jx<p<x |m=x/p

2

Combining this with the above, we deduce:

Lemma 2.3. For all large x we have

E

> fm)

n<x

> 3 %E S |z o Y LB Y s,

Jr<p=<x m=x/p Jr<p=<x m=x/p

We have now almost finished the proof of Proposition 2.2. If we have two primes
2<p<p <z+4z/10g""% x for some /x < z < x, then

E|Y fm)|-E| > fm)||<E| Y f(m)

m=x/p m=x/p’ x/p’ <m=x/p

1 1 X
L Jr(-——)+ 1K | —7+ + 1,
\ (P P') \ plog!®® x

by the Cauchy—Schwarz inequality and orthogonality of the f(m). And we see

1 Z logp ( X . 1)
1ng \/]_7 plogmoox

Vx<p=x
« ] > logp o Vi
log® x  logx N/ logx’

Va<p=x
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which will make a negligible contribution in Proposition 2.2, so in Lemma 2.3 we

may replace each term E ‘Z f (m)‘ by an averaged version

m<x/p

E|>" fm)dt.

m=<x/t

loglooox/p(1+1/1og1°00x)
p p

Since we know that primes are well distributed in intervals of relative length 1 +
1/10g'%% x (with density 1 when weighted by log p) we can rewrite Lemma 2.3 as

E|Y fn)

n=<x

1000 p(141/ log!000 )
> Z logp / Zf(m)

Jx<p<x m=x/t

%% Zﬂm

m<x/t

Proposition 2.2 now follows by making the substitution z = x/¢ in the integral.

3 Lower Bounds for small Moments: Proof of Theorem 1.2

The proof is a very simple argument using the Cauchy—Schwarz inequality and
Holder’s inequality.
Indeed, for any 0 < g < 1 we have

R DR D
<< gl | el

1/2

n<N

Since E| Y., _v/(|* < N and E| Y, _yf()| = +/N/(loglogN)*™®, by re-
arranging we obtain the lower bound

EH Zf(n)‘zq] > N(loglog N) ¢+,
n<N
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4 Asymptotics for Even Moments: Proof of Theorem 1.3

Note that

B fo = Y Bl e o)

n<X ny,.. <X

my,..., m <X
ny..ng=mj...my

Now

8(”1, ey Mg, My, ey, mk) = 1n1...nk=m1...mk

161

®)

is a multiplicative function of several variables' and our problem reduces to

understanding the mean value of

Z glmy, ... ong,my, ... my).

We notice that the associated multiple Dirichlet series

Z glny,...,ng,my, ..., my)

S1 Sk W1 Wk
p oy
my,...,mg
>y ) 1
n' ..ot my' . om
no nny..ng=n miymy...mg=n

is absolutely convergent for fs;, Rw; > % and moreover it factors as

koK
H(S17'"7sk7wl7"'7wk)nné(si+wj)

i=1 j=1

'In other words

gy, . meymy, o m) g, L g, VL V) = (M, Mg, VY, L BEUR)

for any natural numbers n;, m; and u;, v; whose least common multiples are coprime.
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with H(sy, ..., Sk, Wi, ..., wy) absolutely convergent in the region NRs;, Rw; > %. In
addition a direct check shows that

+hk—1)2
H(, ’%):l;[<1_})) (1+%2+a22(”k;; ) )>0

Therefore the main result of La Bretéche [4] is applicable with the k? linear forms
0D (51, sk, Wiy .. W) = s; + wj with 1 < i,j < k. We note that the rank of
the collection of linear forms £¢%) (inside the space of all C-linear forms on C*) is
2k — 1. Therefore it follows from La Breteche’s result that (8) is equal to

(1 + 0(1))CeX* (log X)¥ ~@=D)

Using Théoreme 2 in La Bretéche’s work allows us to recover the precise value
of Cy. Indeed, according to Théoreme 2 in [4] we get that (8) is equal to

(1+o(1)H(3, . ... H)Vol(Ak(X))

where A;(X) is a subset of [1, oo)"2 corresponding to tuples (a;;) € [1, oo)"2 with
1 <i,j < k such that

foreachj < k: l_[ ai; <X

1<i<k

and for each i < k : l_[ ai; <X
1<j<k

Therefore it remains to understand the asymptotic behavior of
Vol(Ax(X))

as X — oo. Surprisingly, this is somewhat involved, and the rest of the proof is
devoted to that.

Proposition 4.3. Let k > 2 be fixed. Then,
2k —12
Vol(Ax(X)) ~ (k l)k—<k—1> Vol(By) - X* - (log X) k=1
where Vol(%,) corresponds to the (k — 1)*> dimensional volume of the Birkhoff

polytope By, C R¥,

The proof of the Proposition depends on the following Lemma.
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Lemma 4.4. Letn > 1 be fixed. Then as X — oo we have

. 2n n
/[;le ..... anlogxexp(mm(xl + .ot xLyr .. +yn))dx1 coody, ~ <n>X .

0=y1,..., yn=<logX
Proof. Making the substitutions v; = log X — x; and w; = log X — y; in Lemma 4.4,
we see the integral there is the same as
n —
X /[)szn ..... oy <logX exp( max(vy + ...+ v, w; + ...+ wn))dvl co.dwy.

0<wi,...wp<logX

Here we can extend all the ranges of integration up to positive infinity, at the cost of
a multiplicative error term 1 + o(1). Then by symmetry

// exp(—max(vl + .ot vLw . +w,1))dv1 c.dwy,
0<v; Un

0<wi,....wy

= / exp(—(v1+...+vn))/ dvy ...dwy,
0=<vi,..., Un wit...+wy<vi+..+v,

and making the further substitution v = v; + ... 4 v, in the integral, we see the
above is

00
22/ e’ (/ dl)]...dl),,_l) (/ dW]...de)dU
0 vi+..+v,— 1 <v wi+...+w,<v
00
_ —v,,2n—1
—2/ e v (/ dvl...dvn_l) (f dwl...dwn)dv.
0 vi+..tv,—1 <1 wi+...+w, <1

Here the two integrals in brackets are simply the volume of the standard n — 1
simplex and the standard n simplex, which are well known to be 1/(n — 1)! and
1/n!, respectively. Therefore the above integral is equal to

2 *© el 2n—1 2n
—/ e v dv =2 = :
(n—Dn! Jy n n

We conclude that the integral in the statement of Lemma 4.4 is equal to (as X — 00),

(1 + o(1)) (2:))("

as claimed.
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We are now ready to prove the Proposition, and thus finish the proof of
Theorem 1.3.

Proof (Proof of Proposition 4.3). Notice first that, if we set u;; = log a;;, and if we

write
¢ = E uiJandriz E Ui

I<i<k 1<j<k

for all i,j < k, then we find

eXp E Ui du1~1 . duk,k.

ij<k

Vol(A¢ (X)) = /

(Wi)12ij<k S[0.00)F i ri<log X Vij<k

To prove the proposition we shall obtain upper and lower bounds for the integral on
the right that are asymptotically equal.

For convenience of writing, we start by introducing a little more notation. Let
Si—1 1= Zijsk_l u;j. Let also % .(X) be the set of u; ; with i, j < k — 1 for which

Z u;j < log X and Z u;j < log X and Z uij > (k—2—¢)logX.

i<k—1 j<k—1 ij<k—1

Considering the vector u of u;; with i, j < k — 1 as fixed, let J¢ x(u, X) be the set of
those uy ; with i < k — 1 for which

¢i <logXforallj <k-—1

Finally, again considering the u;; with i,j < k — 1 as fixed let Trx(u,X) be the set
of those u;; with j < k — 1 for which

ri <logXforalli <k—1.

We set € = 1/4/log X, say. First seeking an upper bound, we note that if we have
Si—1 < (k—2—¢)log X then Sy < (k—¢) log X, and therefore the part of the integral
where Sy—; < (k—2 — €) log X contributes at most

— _ 2
Xxke. / Idu; ;.. .duk,k < Xxh—e Ing X.
(u,-_j)lsijskg[o,oo)kz ZCJ’.I‘,'SIOgX Vij<k

This is asymptotically negligible (for any fixed k) by our choice of €. Meanwhile,
the part of the integral where S;_; > (k — 2 — €) log X is equal to

/ CXp(Sk_l) exp (uk_l + ...+ uk,k_l)x )
Uke(X) Tex(wX)

X/ exp (ul,k +...+ uk,Lk) / exp(ugx) duy ... dug.
Tri(u,X) ug ke, re<log X
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Here the innermost integral is over those
0 < upy <logX —max(ug; + ...+ wr—1, Utk + ... + U—14)s

assuming the upper range of integration is at least zero. Therefore the innermost
integral is certainly bounded above (extending the lower limit to negative infinity,
and then performing the integration) by

Xexp ( —max(ugy + ...+ Ugp—1, U1k + ...+ uk_l,k)).

Substituting this in, it follows that (9) is less than

exp ( min( ¢, ) du; .
/;Z/kg(x) /9ck(llx) /ﬁu(ux) Z Z 1_[

Isjsk—1 lsisk=1 0 (ij)#kk)
(10)

At this point we change variables, letting ry, ..., r—; and cy, . .., cxk—1 run through
the interval [0, log X] so that u;, = r; — Zlﬁjfk_l uijand ug; = ¢j — leisk_l Uij.
Since u;x > 0 and uy; > O this change of variable implies the additional condition
that forall i,j < k—1,

Zu,;jfr,-and ZM,‘J'ij (11)

Jj<k—1 i<k—1

The Jacobian of this linear change of variable is equal to 1 since the linear
transformation taking the (u; ;) with (i, 7) # (k, k) into (r¢, cg, u;j) withi,j, £ < k—1
is upper triangular with only 1’s on the diagonal. _

Givenr = (r,...,r—1) and ¢ = (cy, ..., cx—1) we let % .(r, ¢, X) be the set of
u;; with i, j < k — 1 satisfying the conditions (11) and the standing condition that

> wij= (k—2—e)logX. (12)
ij<k—1
and we let ﬁk(X) be the set of 0 < ry,...,1— < logXand 0 < ¢y,...,c—1 <

log X. Then (10) can be re-written as

X/ﬁk()() exp(min( Z cj, Z r,‘))Vol(%,g(r,c,X)) 1_[ dc; dr; (13)

1<j<k—1 1<i<k—1 i<k—1

Since r;,¢; < logX foralli < k— 1, we have

Vol(Z.+(r, ¢, X)) < Vol(%..(log X, log X, X))

= (1ogX)*™V" - Vol(Z.+ (1.1, €)) ~ (1og X)*™" - Vol(%.0(1.1. )
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as X — oo, where logX := (logX,...,logX) and 1 := (1,...,1), and where
we recall for the final asymptotic that € = 1/,/TogX. As already mentioned in
the introduction Vol(%0(1,1,¢)) = k~*"DVol(%;) where %, is the Birkhoff
polytope. It follows that (10) is

< (1 + o(1)X(log X)*® D" . k= *=Dvol(By)

X/@(X) exp(min( Z Cjs Z ri)) l_[ dedr;

1<j<k—1 1<i<k—1 i<k—1

and by Lemma 4.4 this is less than or equal to

2k —2
(1 + 0(1)X(log X)*~V* - k= *=Dvol(,) - X+! ( k—1 )

thus finishing the proof of the upper bound.

For the lower bound we restrict attention, as we may (due to positivity), to the
part of the integral where Sy > (k—2 4 ¢)log X and each r;, ¢; is > (1 —¢) log X.
The point of the former condition is that if it is satisfied then

wp+up+ ...+ <(k—1)logX —S—; < (1 —¢)logX
and similarly w1 4+ o + ... + wrp—1 < (1 — ) log X, and therefore
log X — max (ukl S o /7 S B 7 R o uk_l,k) > elogX = /logX — oo.

Therefore arguing as above the innermost integral over u 4 in (9) contributes

(1+o(1))Xexp ( —max(ugy + ...+ pgp—1, U1k + ...+ uk—1,k)).

Proceeding as before we thus arrive to (13) but with the additional condition that
(1—¢)logX < r;, ¢; <logX (and with the condition that Zi.jsk_l uij > (k—=2—¢)
log X replaced by the condition that Zi.j <k—1 Uij = (k—2+¢)log X). It follows that
on this set of r; and ¢; we have

Vol(%,g(r, ¢. X)) > Vol(Zc.((1 — &) log X, (1 — &) log X, X))
= (1 + o(1))(log X)*~ V" . k= ¢=Dol(Z,)
Therefore we obtained the following lower bound

(1 + o(1)X(log X)*= 1" . k= &=Dyo1(5,)

x/./~ exp(min( Z ¢, Z ri)) 1_[ dc; dr;

Tre(X) I<ji<k—1 1<i<k—1 i<k—1
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where jk,g(X) is the set of r;, ¢; satisfying (1 — &)logX < r;,¢; < logX for all
i < k— 1. Note that the condition (1 — &) log X < r;, ¢; can be dropped. Indeed the
contribution to the integral of any tuple of (ry,...,ri—1) or (cy,...,ck—1) wWhere at
least one of the ¢;, r;is < (1 —¢)logX is < X*1=¢ and therefore negligible. Thus
we can extend the integration to all of ¢;, r; < log X. Because of this Lemma 4.4 is
applicable and we have therefore obtained the lower bound

2

> (1+0(1)) (2:__ I ) 6D Vol(Z) X - (log X) 41’

as claimed. Since we have obtained asymptotically matching upper and lower
bounds the proof of the proposition is finished.

5 Proof of Theorem 1.4

In the Rademacher case we have, letting O denote a generic square,

E(Yfm) = Y EFn)...fow)

n<X ny,.., g <X
2 2
= ) 1))
N1 yeeny <X
ny..y=0
Let g(ni,...,n;) be a multiplicative function of several variables, supported on

square-free n;, and such that g = 1 when n;...n; = O and g = 0 otherwise.
Then we find that the Dirichlet series

o0 o0

Z Zg(nl,--.,nk)
S1 Sk

oA n...m

is equal to

1
[+ ¥ )

p 0<ay,...,0x <l
o1+...+0,=0 mod 2

This factors as

H(s1,...,8) l_[ ¢(si +57)

1<i<j<k
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with

k

H(%,...,%) = l—[(l_l)k(k 1)/2(1 N Z @)
» p 1<j<k/2
The main result of La Breteche is applicable with (1;) linear forms £ (s1, 52,
...,8) = s8; + s; defined for 1 < i < j < k. The rank of these linear forms is
equal to k for k > 3 (for k = 2 the rank is equal to 1 since there is only one form
in that case). Therefore applying La Breteche’s result it follows that the moment is
asymptotically

(1 + o(1))CX* (log X) D+,

In order to determine the constant C; one could use Théoréme 2 of La Breteche, to
conclude that the moment is asymptotically

(14 o(1)H(3.....3)Vol(B(X))

where B(X) is the set of (u;;);<; € R¥K(=1/2 such that

forall 1 <i<k: [Ju]Jus=X

Jj<i i<j

and then proceed in a manner similar to Theorem 1.3. However we leave this
computation to the interested reader.
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Large Values of the Zeta-Function
on the Critical Line
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Abstract This is primarily an overview article (Lecture given during the conference
“Number Theory and its Applications Workshop” in Xi’an (China), October 23-28,
2014.) dealing with the large values of |¢ (% + if)|. This approach allows one to
obtain upper bounds for moments (mean values) of |¢ (% + it)|, which is one of
the fundamental problems of the theory of the Riemann zeta-function. A sketch of
the upper bound for the 12th moment of D.R. Heath-Brown (Q J Math (Oxford)
29:443-462, 1978) is presented, together with some recent results of the author.
They include upper bounds obtained by the use of large values of E*(T), a function
closely related to the classical function E(T), the error term in the mean square
formula for |¢ (% + if)|. A new large values result involving Ej(T), the general error-
term function in the formula for the 2k-th moment of | ( % + it)], is also given.
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1 The Basic Properties of {(s)

1.1 The Definitions

The Riemann zeta-function is defined by

()= nr=]]a-p™" (1)
n=1 p
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for Rs > 1, where p denotes primes. For other values of the complex variable
s = o +it(o,t € R) it is defined by analytic continuation. It is regular for s € C,
except at s = 1 where it has a simple pole with residue 1. The product representation
in (1) shows that ¢ (s) does not vanish for ¢ > 1. The Laurent expansion of {(s) at
s = 1 reads

1
¢(s) = :+)/o+)/|(s—1)~|—y2(s—1)2_|_...’

where the so-called Stieltjes constants y; are given by

—lk 1 k 1 k+1N

k! N—oo o m k+1

and y = yp = —I'’(1) = 0.5772157 . .. is the Euler constant. For more properties
of {(s) the reader should consult the monographs of Titchmarsh [47], Edwards [9],
and the author [20].

A notable feature of ¢ (s), whose analogues are true for many Dirichlet series (or
L-functions) of the form

F(s) = ZaF(n)n_x Ms > 1), 2)
n=1

is the functional equation, proved first by Riemann [43] in 1859. In a symmetric
form it says, that for s € C,

a2 (38) = 7P =) (5(1 =) 3)
Alternatively we can write (3) as

S(s) = x()¢(1—s),
where

rGg-s)
1) 1= — T,
F(ES)
and I'(s) is the familiar gamma-function. Using the classical Stirling formula for

I'(s), we have

o \OFi1/2 1
x(s) = (T) el(l+71/4) (1 + 0 (;)) (s=o0+it, t=2).
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1.2 The Selberg Class

The best known generalization of { (s) is the Selberg class .# of Dirichlet series (see
the overview papers of Bombieri [2] and Kaczorowski [36]), defined axiomatically
by Selberg [45] as follows:

(a) The series in (2) converges absolutely for 0 = s > 1 with ap(1) = 1, and the
coefficients ap(n) satisfy the bound ar(n) <, n° for every ¢ > 0.

(b) There is a natural number my such that (s — 1)"* F(s), which is of a finite order,
admits analytic continuation which is regular in C.

(c) There is a function

Pp(s) 1= Qplr(s)F(s)  (Qr >0)

with

re(o) =[] F(A_,-(F)s + ,lL_,'(F)) (A(F) > 0, Ryy(F) = 0).

j=1
Then the functional equation
Pp(s) = wpr@r(l—s)  (lop| = 1) “)

holds for s € C, where for any function f(s) we define f(s) = f(5).
(d) We have

log F(s) = > br(n) A(n)/ (n logn).

n=2
where by (n) < n forsome0 < 0 < %, and A(n) is the von Mangoldt function,
namely A(n) =logpifn = p* (« € N) and A(n) = 0 otherwise.
The quantity

dp =2 A(F)

j=1

plays an important r6le in the theory of .. It is called the degree of F in .7, it does
not depend on the form of the functional equation (4), and it is conjectured that it
is always a non-negative integer. Broadly speaking, anything that holds for ¢ (s) can
be to some extent generalized to elements of ..

Notation. Owing to the nature of this text, absolute consistency in notation
could not be attained, although whenever possible standard notation is used.
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By N,Z,R,C we denote the set of natural numbers, integers, real and complex
numbers, respectively. The symbol ¢ will denote arbitrarily small positive numbers,
not necessarily the same ones at each occurrence. The symbols f(x) = O(g(x))
and f(x) < g(x) both mean that |[f(x)| < Cg(x) for some constants C > 0 and
x = xp > 0. By f(x) <4p.. g(x) we mean that the constant implied by the <-
symbol depends on a, b, . . ., while a < b means that both a < b and b < a hold.

2 Moments on the 1/2-Line

2.1 Basic Concepts

In zeta-function theory, of particular interest are the moments (or mean values)

T
I(T) :=/0 1£(3 + in]*dr.

Although the integral certainly makes sense if %tk > 0, usually one takes k € N
and supposes that k is fixed. Namely in this case one can use the obvious identity
|z|* = z-Z and if one has a “good” expression for z = ¢¥(3 +if), then by multiplying
the expressions for z and z one can tackle I;(T), at least in principle. There are two
monographs dedicated solely to the subject of mean values of ¢(s): the author’s
[18] and Ramachandra’s [42]; see also the author’s recent overview paper [29] and
Joyner [33].
The expression

T+H
1T + H) — I(T) = /T L+ i) di

denotes zeta-moments in “short intervals” if | < H < T and H = o(T) as T — oo.
It is also an important object of study.
We have (Balasubramanian—Ramachandra; see [42])

t+c
|;(§+n)|k<<klogr(/ |§(§+ir)|kdr+1) keN. c>0. ()

—C

This bound allows one to transform discrete zeta sums into sums of integrals over
short intervals. In this process one loses only an (unimportant) logarithmic factor.

Conversely, one trivially can transform integrals of continuous functions f(x) into
discrete sums by means of the elementary inequality

/ v

<(b-a) m[a);] If (%) (a < b).
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2.2 Lower Bounds for § (% + it) in Short Intervals

Ramachandra [42] showed unconditionally that one has
T+H R
/ £ +in|* dr > H(log H)* (ke N, loglogT < H<T). (6)
T

He used complex integration and the fact that, forw = u+iv (u,v € R; |u| < 7/2),

| exp(—cosw)| = ‘exp(—%(éiw + fiw)))

= ’exp(—%(ei“e_v + e_i”e”)>‘ = exp(—cosu - coshv).

The above kernel exp(— cosw), which decreases like a second order exponential
in |v|, sets the limit to the lower bound for H in (6) (as a multiple of loglog 7).
According to W.K. Hayman, this is essentially the best such kernel function, but it
is an open problem whether, by some method different from Ramachandra’s, one
can improve the range for H in (6).

Recently Radziwill and Soundararajan [41] showed that (unconditionally)

T
/ £ +in|*dr = e % T(log T
0

holds for any real k > 1 and T = Ty. This bound not only holds for any k > 1, but
it is explicit and at the same time continuous in k, although the constant e~3%" is
certainly not the best one possible.

2.3 Upper Bounds for (% + it) in Short Intervals
Under the RH

Upper bounds for I;(T) are much more difficult to obtain than lower bounds. In
2010 Soundararajan [46] showed that, under the Riemann Hypothesis (RH, that all
complex zeros of ¢ (s) have real parts 1/2),

T
/ LG+ i dr <, T(log T)'**, (7)
0

which is valid for any fixed £ > 0 and any given ¢ > 0. This result, when H = T,
comes very close to Ramachandra’s unconditional lower bound (6).

The author [25] obtained an improvement and generalization of (7), using
Soundararajan’s method: let H = T% where 0 < 6 < 1 is a fixed number, and
let k be a fixed positive number. Then, again under the RH, we have
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T+H
/ (L +in[de < H(log )" (1+00/108)

T—H

where
log; T := logloglogT.

Later in 2013 Harper [11] obtained the conjectured upper bound (also under the
RH) for any fixed k = 0, namely

T
/ LG +inl*dr < T(log T)*. (8)
0

Harper’s method can be carried over to obtain the corresponding improvement for
I,(T 4+ H) — I, (T) as well. Essentially this result is best possible, since for H = T
Ramachandra’s lower bound (6) (which is unconditional) for I;(T) is of the same
form as the right-hand side of (8).

3 The Conjectural Formula for I (T)

It is generally conjectured that
I(T) = Tp2(log T) + Ex(T), 9

where p;2(y) is an (explicit) polynomial in y whose coefficients depend on k. The
function E;(T) is thought of as an error term function, in the sense that one expects,
for fixed k € N,

E(T) = o(T) (T - ).

Unfortunately, so far an asymptotic formula of the above shape is known, despite
many efforts, to hold only in the cases when &k = 1 or k = 2. The case k = 1
(namely, the function E|(T) = E(T)) is extensively discussed in [18, 20], while for
k = 2 (the function E,(T)) see [30, 31, 40].

There is, however, a conjectural formula for I}, (T) which of a similar shape as (9).
The formula in question is due to Conrey, Farmer, Keating, Rubinstein and Snaith
[7, 8, 37]. It is of the form

t

T T
Ik(T)=/0 |§(%+it)|2kdt=(1+o(1))/o Py (1og( 5

)) dt (T = o0).
(10)
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In (10) Pi(x) is the polynomial of degree k2, all of whose coefficients depend on the
(fixed) integer k = 1, given explicitly by the 2k-fold residue

Lol
Pi(x)= ——— . X
¢ k!? (27”)2k |z1|=¢1 |22k |=€2k

y G(zi, .. 20 A%z,
2k 2k
| Pl

where the ¢;’s are small positive numbers. We have

k
,Z
%) exp{%x Z(Zi - Zi+k)} dzp ... dzy,
i=1

A(Z], ey Zm) = 1_[ (Z] - Zi) = |Z£71 |m><m7

1<i<j<m

which is the Vandermonde determinant,

k k
G(z1,...,201) =Ak(Z1,---yZZk)l_[1_[§(1 + zi — Zj+4),

i=1 j=I

and finally Ay is the Euler product (as usual, e(0) := exp(27wif))

k
Ar(zi, - zk) = H l—[ (1 —p~ ety x

pij=1
k - —_—
X /1 l_l (1 — 6(9)p—1/2—z,~) 1(1 B e(_e)p—1/2+2k+j) 1 0.
0 i

The authors actually conjecture, in all cases, an error term in (10) of the order
Or+(T"/?*¢), which in the general case this author finds to be too optimistic.
In fact their paper [8] brings forth a conjecture (via characteristic polynomials
from Random Matrix Theory; see, e.g., the work [39] of M.L. Mehta on random
matrices) for the complete main term in the asymptotic formulas for a wide class
of L-functions. The coefficients of P(x) are given explicitly when 2 < k < 7, and
numerically computed moments are compared to the values obtained for the main
term by the moments conjecture. We mention that further numerical calculations
involving Pj(x) were carried out by Hiary and Odlyzko [13], and Rubinstein
and Yamagishi [44]. In all cases when an asymptotic formula for the moment
was rigorously proved, the main term in question coincided with the expression
predicted by the authors, which renders the conjectural formulas quite important.
Heretofore there have been several conjectures for particular L-functions, to mention
here just the works of Keating and Snaith [37], and Conrey and Gonek [6] on the
conjectural formula for I, (7).
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4 The Large Values Technique for Zeta-Sums

4.1 Introduction

There are several approaches to the study of (unconditional) upper bounds for 7 (T')
(or more generally I;,(T + H) — I(T)). We single out the following:

1.

Large values techniques through Dirichlet polynomials of the type Y f(n)n™*
n=<N

and things like the Haldsz—Montgomery inequality (see, e.g., the Appendix
of [20]).

. Spectral theory/Kloostermania. This is the approach developed by N.V.

Kuznetsov, Deshouillers—Iwaniec, R. Bruggeman, Y. Motohashi (see his
monograph [40]), and others. It leads to good results on /5(T), namely produces
a sharp formula for the (weighted) fourth moment of |¢ (% + it)|, from which
results on E,(7T) can be derived.

. The general binary additive divisor problem, involving exponential sums with

di(n)dy(n 4+ h), where the shift parameter h is not fixed, and the general divisor
function di(n) is generated by {¥(s). For the case k = 3, interesting in the case
of the estimation of I3(T), see the author’s work [19].

. Connecting bounds for I;(T) to bounds involving E(T) = E;(T) and the related

function E*(T). This function will be defined in Sect.7 and used in bounding
I(T) in Sect. 8.

The purpose of this paper is to focus on the approaches 1. and 4. In particular,

a sketch of the proof of Heath-Brown’s classical estimate (11) (see [12]) will be
given, and this result (up to a log-factor) will be reproved in Sect. 9.

4.2 The Large Values Technique

Suppose . (r = 1,...,R) is a set of points lying in [T, T + H] (1 <« H < T) such
that

G +it) ZV. |t —t|2G(r#s. 1<KG<H;r,s=1,....R).

The points ¢, are then said to be well-spaced.

A good upper bound for R will lead to a good upper bound for

DG + i)l

r<R
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hence also to a good upper bound for

T+H
[ 2 4 it
T

where k > 0 is a suitable constant.

This is the underlying idea of the large values technique, which obviously can
be used for the estimation of moments of other L-functions, in particular to those
belonging to the Selberg class .7

S5 Atkinson’s Formula for the Mean Square

The formula of Atkinson (1916-2002) [1] for the mean square of |{ (% + ir)| (1949)
is a fundamental result in zeta-function theory. It was used later in 1978 by Heath-
Brown [12], who employed a large values technique, to prove the 12th moment
estimate

T
/ 1t +in)|?dt < T*(logT)". (11)
0

This result is even today essentially the strongest upper bound for [;(T') when k = 6.
Let

T
E(T) ::/0 IC(%+it)|2dt—T(log(%)+2y—l).

Here d(n) is the number of divisors of n,and y = —I'’(1) = 0.577215. .. is Euler’s
constant. The function E(T) is a fundamental function in zeta-function theory, as
L(T) = fOT |§(% + it)|*dt is the fundamental moment of |§‘(% + it)|. Atkinson’s
explicit formula for E(T) is

E(T) = X(T) 4+ Z,(T) 4+ O(log® T),

21(T) = 22T/ @) Y (=1)"d(mn~ e(T. n) cos(f(T. n)).

n<N

—_ d(m) Ty 7!
2H(T) = 2’1;/ 2 (log T/ (2mn)) cos (Tlog(zml> T+ 471) ,

f(T.n) = 2Tarsinh (y/7n/(2T) ) + V2mnT + n2n? — tn
e —in + 24 27nT+

+ %\/27r3n3/2T71/2 +asn®* T2 4 a P17 4L
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e(T,n)

1+ nn/(ZT))—l/“{(zT/nn)l/zar sinh <\/7rn/(2T) )}_1
14+ 0@n/T) (1<n<T),

T N [N> NT
arsinhx:log(x+ 1+x2>,N’=E+§_ 74_%

The sum ) ,(T) in Atkinson’s formula is analogous to the sum approximating
£2(s) (essentially sums of d(n)n™ of length < |t|; see, e.g., Chap. 4 of [20]), and
by averaging processes (e.g., Gaussian weights exp(—(7/G)?)) its contribution in
many instances may be made fairly small. Its strength lies in the facts that it is
explicit, contains two sums with elementary functions and the error term is small.

6 The 12th Moment Estimate

6.1 Technical Preparation

We sketch now the proof of (11), namely the following
Theorem 6.1. We have

T
/ 1t +in)|?dr < T*(logT)".
0

First we have, for 7¢ < G < TV?~¢ [ .= log T,

T+G GL
[ £ +inPde < e/ L3 +iT + ir)|* exp(—*G~?) dr.
T—G L

The presence of the exponential factor makes it possible, by using Atkinson’s
formula and the classical integral

o0
/ exp(Ax — Bx*) dx = (r/B)/? exp(A%/(4B))  (MB > 0),
—00

to obtain the following

Lemma 6.1.
T+G
/ (5 + i) dt < GlogT
-G

—1/4 —1 K —G?K/T
+GXK:(TK) (|S(K)|+K /O|S(x)|dx)e .
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Here

S() =SK.T):= Y (=1)'d(n) exp(if (T.n)).

K<n<K+x
f(T.n) = 2Tarsinh (y/7n/(2T) ) + V2mnT + n2n? — 1,
and summation is over K = 2¥ such that 7%/3 < K < N, where for § > 0 fixed

N:=B?/(T/(27) —B), B:=TQ2nG) 'log'™T.

6.2 Reduction to Exponential Sums

Very often problems in analytic number theory are ultimately reduced to the
estimation of exponential sums, namely classical van der Corput sums, sums over
primes, sums over Hecke series, Kloosterman sums, etc.

By means of Lemma 6.1 we shall prove first (see [20])

Theorem 6.2. Let (k, L) be any exponent pair with k > 0 and let t; < --- < tg
satisfy

| ST, [KG+it)| 2V >0 <T), |t —1] = 1(r #s).
Then
R << Tv—6 10g8 T + T(K+l)/Kv—2(1+2K+Zl)(log T)3+6K+4)/K.

Remark 6.1. Recall that («, A) is an (one-dimensional) exponent pair if

Z exp(if(n)) &« NF* (0<F<1),

N<n<N’'<2N

if f(x) (€ R) is sufficiently many times differentiable in [N, 2N] (N = 2), and
essentially

O = FN'™™*  (k=1,2,..).

For a detail account on exponent pairs the reader is referred to the book of Graham
and Kolesnik [10].

Thus trivially (0, 1) is an exponent pair, other common ones are

(1/2,1/2), (1/6,4/6), (2/7,4/7), (1/14,11/14)
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etc. Taking (x,A) = (1/2,1/2) in Theorem 6.2 we obtain
R <« T*v 2log'®T,

and Theorem 6.1 easily follows.

Theorem 6.2 follows from
Lemma 6.2. Let o/ be a set of numbers {t,} such that T/2 < t, < T, log’ T < G <
|t, — t5| < J forr # s. With

S() =S@.K.T):= Y (=1)"d(n) exp(if (T.n))

K<n<K+x

f(T,n) = 2Tarsinh (\/Jm/(2T)) + V20T + 7202 — %n,

we have

3 ISC K. 1)] < {(K FKATVAGT 2 10g! 2 |7 |12
e

+ JK/zT—K/4|£{|K(2A—K+2)/4} log3/2 T.

The result is obtained by the use of the Haldsz—Montgomery inequality (see, e.g.,
the Appendix of [20])

1/2
Z@ﬁmam(ZK%mo : (12)

r<R r.s<R

For Dirichlet polynomials (12) is used in the following context: If a = {a,}°2, and

b = {b,}°2, are two (vector) sequences in C, then their standard inner product is

(a,b) := Zanl}n. (13)
n=1

This is used to remove the coefficients (—1)"d(n) from the sums of S(x, K, t,,)

and get ordinary exponential sums. Hence, with £ = )~ (—1)"d(n), we have
K<n<K+x

EIP=E85H= > dm<Klog'T
K<n<K-+x
and by (12) and (13) the left-hand side of the sum in Lemma 6.2 is
1/2

Z exp(if(tn n) —if (t, ”))‘

K<n<2K

< K]/210g3/2T Z

ty €A
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The terms for r = s are trivially O(K), and the terms r # s are estimated by the
theory of exponent pairs. Lemma 6.2 follows.

The term 7V in Theorem 6.2, which would lead to the yet unknown sixth
moment

T
/ C( 4 inlPdr < Tlog T,
0

comes from the term with |.27|'/? in Lemma 6.2.

The other term is small if J is suitably chosen, namely it holds for Ry, the number
of #,’s lying in an interval of length < J. Thus the obtained bound for R has to be
multiplied by Ro(1 + 7/J), and this gives the other term in Theorem 6.2. Up to
the choice of exponent pairs, this is the limit of the method. Note that there are
new (non-classical) exponent pairs, obtained by Huxley [14-16] and Huxley and
Ivi¢ [17], for example. Huxley’s work is built on the Bombieri-Iwaniec method for
the estimation of exponential sums; see [3, 4]. There is a way to avoid the use of
the Haldsz—Montgomery inequality in proving (11) and work only with the simpler
Cauchy—Schwarz inequality. For this, see Chap. 8 of the author’s monograph [20].

7 Large Values of |{ (% + it)| via the Divisor
Problem and E*(T)

7.1 The Function E*(T)

Already Atkinson’s formula provides the analogy between E(T') and the error term
in the classical Dirichlet divisor problem, namely the estimation of the function

Ax) = Zd(n) —x(logx + 2y — 1). (14)
We have
Alx) = nl 2x% Zd(n)n_% cos(4m/nx — 1)

n<N (15)
1 0.2 N7 (1 KN <),

which is the classical truncated Voronoi formula for A(x) of 1904 (see Voronoi [48]
and Chap. 3 of [20]).
A better analogy is to consider, instead of A(x) (see Jutila [34, 35]), the function

A*(x) :

—A(x) +2A(2x) — %A(4x)

% > (=1)"d(n) — x(logx + 2y — 1),

n<4x
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because Atkinson’s formula has a factor (—1)" in it, and the formula for A(x) does
not. Then it makes sense to investigate the function

t

E*(t) := E(t)— 271A*(2n).

Namely, we have the explicit formula

1

A*(x) = . ZX% Z(_l)"d(n)n_% cos(47 y/nx — zlt”)

n<N (16)
1 0.(x2TN"2) (1< N < X),

and without (—1)" the formula (16) is exactly Voronoi truncated formula (14) for
A(x).

If N = T'/37¢, then the first N terms in the truncated Voronoi formula for A*(x)

and )_,(T) in Atkinson’s formula are asymptotic to one another. This is the analogy
between A*(x) and E(T).

7.2  Results on E*(T)
Jutila [35] proved:
T+H
/ (E*(1))*dt <, HT'3log®T + T'** 17)
T
for 1 <« H = H(T) < T.The significance of (17) is that, in view of
T T
[ (A*(1)*dr ~ AT/, / E*(r)dt ~ BT*?,
0 0

for A,B > 0,T — oo, the function E*(¢) is in the mean square sense of a
lower order of magnitude than either A*(¢f) or E(¢f). The author [26] in 2012
complemented (17) with the lower bound

T+H
/ (E*(1))>dr > HTY31og® T (18)
T

for 7?/3** <H = H(T) < T.

Remark 7.2. The bounds (17) and (18) show the true order of the integral. Problem:
What is the lower bound for H = H(T) for which (18) holds? The author [23]
proved in 2007 the asymptotic formula
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T
/ E*())2dt = T*Py(log T) + 0,(17/5+),
0

where P3(x) is a cubic polynomial in x with positive leading coefficient, and all
the coefficients may be written down explicitly. It is reasonable to conjecture that
the above error term is O, (7'1) and at the same time £2(7), but this is certainly a
difficult problem. However the above formula does imply neither the upper nor the
lower bound for (E*(£))? in short intervals. The author also proved [21, 22]

T
f B dr <, TV (19)
0
and that
T 5
/ |E*(0]"dr <, T**. (20)
0

Hence by the Cauchy—Schwarz inequality for integrals it follows that

T
/ B dr <. T @21)
0

An open problem is to investigate higher moments of £*(¢). In particular, it would
be interesting to show that the integral of (E*(¢))? is of a lower order of magnitude
than that of |[E*(¢)|3.

Theorem 7.3. Suppose that the bound
T
/ (E*() dr <. T*/*71te
0

holds for some constant 1 such that 0 < n < 1/6. Then for any ¢ > 0 there exist
constants To(e),A > O such that, for T = Ty(e), every interval [T, T + T'~7+%]
contains points Ty, T, for which

E*(Ty) > AT} *1og®> Ty,  E*(T») < —AT)1og** T,

Remark 7.3. This is a recent result of the author [25]. Note that, for A = 2, one has
T
/ [E*(0)*dt >4 T'°(log 7)™/,
0
Remark 7.4. We have

T
E(T) = ZnA*(Z—) + (T"°10g>? T). (22)
v
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A plausible conjecture is that
T
E(T) = 2714*(%) + 0.(TV*F*). (23)

This is compatible with the classical conjectures (implied neither by the Lindelof
Hypothesis (that ¢ (% + it) <. |#|°) or Riemann Hypothesis!)

E(T) <, TV, A*(x) <, x4, (24)

but perhaps, in view of (22), the true exponent in (23) is even 1/6 + ¢.

Remark 7.5. Lau and Tsang [38] showed that A(x) <, x*T¢ implies A*(x) <,
xT¢ and conversely, A*(x) <, x*T¢ gives A(x) <, x**¢. In the other direction, it
is known that a < 1/4 and b < 1/4 cannot hold.

8 Connections of E(T) and E*(T) with the Moments
of |$(3 + if)|

8.1 Large Values Estimates

There are several ways to connect power moments of | ( % + if)| with the moments
of E(T) and/or E*(T). The author [25] proved

Theorem 8.3. Let t, ..., g be points in [T, 2T] which satisfy
G +it)| =V =T

and |t, —t;| = 1forr,s < Randr # s. Then we have, for L = logT,G = A(V/L)?
with a suitable constant A > 0, and k € N fixed,

3T
R« V7272kL2+2k/

T/3

|E(t + 2G) — E(t — 2G)|*

+ |E(t+ 1G) — E(t— 1G)[*} dr.

Remark 8.6. The presence of the factors
|E(t + 2G) — E(t — 2G) ", |E(t + 1G) — E(t — 1G)|f

makes one feel that it is possible to exploit the “closeness” of the arguments. Indeed,
Theorem 8.3 is valid with E* in place of E.
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Corollary 8.1. Suppose that the integral on the right-hand side in Theorem 8.3 is
bounded by O.(T'T*T¢GP) for some real constants @ = a(k) (> 0) and B =
Bk) <k—1,and T° < G = G(T) < T'3. Then we have

T
/ |§(%+it)|2+2k—2ﬂ dr <<8 T1+Ot+6"
0

We also have the following result (see [24]):
Theorem 8.4. For T3/% « G = G(T) < T'/? we have
or
4
/(E(t—i— G) —E(t—G)) dt <, T'HG2,
T
and the same result holds with A instead of E.

Corollary 8.2. As shown in [24], if the above bound holds for T® < G < T'/?, then
the weak 8th moment

T
/ it +inPdr <. T
0

holds.

Remark 8.7. The above bound holds for E*(T) in place of E(T) in view of the
fourth moment bound for E*(T).

A recent result of the author [28] is the following:
Theorem 8.5. Let t, ..., g be points in [T, 2T| which satisfy
LG+ zV=T
and |t, — t;| = 1 for r,s < R and r # s. Then we have

3T
R< V¥ %*ogT / |E*(1)|* dt.

7/3

rom the results on moments o see — we obtain, wit = 3,4,
F h 1 f E*(T) [see (17)-(19)] btain, with k = 3, 4

Corollary 8.3.

/T £ +in)|P dr <. T, /T £ +in)|" dr <, T4
0 0

We also have, with k = 5,
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Corollary 8.4.

T
/ 12+ in)|"? dr <. T,
0

The bounds in Corollaries 8.3 and 8.4 are, up to “c”, the sharpest ones known.
D.R. Heath-Brown [see (11)], obtained 72 log'” T as the bound for the last integral.
Corollary 8.4 thus provides an alternate proof of Heath-Brown’s result.

Theorem 8.3 on large values follows by using (C > 0,L =logT,t < T)

t+G C GL )
/ 1E(3 + iu)|* du < e / XE*(t + x)e” %9 dx + CGL? (25)
—G —GL

and the fact that
A*(x+H)— A" (x) <. H* (1 € H <x),
which is a consequence of the elementary bound
dn) <, n’

and the defining relation

A*(x) = 1) (=1)"d(n) — x(logx + 2y — 1).

n<4x
Conjecture 8.1 (M. Jutila). We have
A*(x 4+ H) — A*(x) <, VHY (& < H < x).

This conjecture is motivated by mean value results for A(x + H) — A(x) and
A*(x+H)—A*(x) (see [25]). Recently Wenguang Zhai and the author [32] proposed
a similar

Conjecture 8.2. Suppose that
logT < U<T"Y?/10, TV? « H< T, HU > T'**.

Then the estimate

T+H 5
/ max ’A(x—i—u)—A(x) dx K HUlog‘T
T

O<usU

holds for some absolute constant ¢ = 0.
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This is a very strong conjecture, since it implies

Corollary 8.5. If Conjecture 8.2 holds, then A(x) <, x'/**¢, and (by Remark 7.5)
also A*(x) <, x4+,

From (25) we have the following

Corollary 8.6. IfE*(T) <. T°*¢ (0 < ¢ < 1/3), then
t+in <, |19

Thus if the conjectural E*(T) <, T'/¢*¢ holds, then we have (the very strong
bound)

(G i <o /e

Let us mention that the best unconditional exponent for |¢ (% + ir)| is 32/205 =
0.15609.. ., which is a result of Huxley [16] (very recently Bourgain [5] in 2014
improved Huxley’s exponent to 53/342 = 0.15497 . ..). The yet unproved Lindel6f
hypothesis states that ¢ (% + if) K. [t|°. It follows from the RH (see, e.g., Chap. 1
of [20]), but the converse is unknown (and not very likely!).

9 A New Large Values Result Involving the Function E; (T)

Let E;(T) be the error-term function defined by (9). We present a new result which
generalizes Theorem 8.5. This is

Theorem 9.6. Let Ei(T) be is as in (9). Then, for a fixed m (= 1) and L = logT,
we have

2T 2T
/ £+ in) KD dr <« T + LAtk / |Ec ()™ dt. (26)
T T/2

Moreover, when k = 1, (26) remains valid with E|(t) = E(T) replaced by E*(t).

Theorem 9.6 is a consequence of the following large values estimate. Let
t1,...,tg be points in [T, 27| which satisfy

LG +it)| =V =T (27)

and |t, — t;| = 1 for r,s < R and r # s. Then we have

3T
R < V—2k(m+l)L4m+k2/|Ek([)|m dr. (28)

/3
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Namely we divide the integral on the left-hand side of (26) into O(L) integrals of
the form

27
/ |§(%+l—t)|2k(m+1) df < RyVKo+D),
T.V<|{(3+in|<2v

where Ry is the number of points #, y each of which satisfies (27) (with ¢, = ¢, y)
and |t,y — tsy| = 1 for ry,sy < Ry. The points #,y are chosen in such a way
that |¢ (% + it)| attains its maximum value in suitable subintervals of length not
exceeding unity, lying in [T, 2T]. Applying (28) to bound Ry one obtains (26), since
the contribution of V which are < T* is trivially O(T'+#).

To prove (26) we start from (5) to obtain

tr+3
DoIG + il < L(Z/ G +inPtdr+ 1). (29)

r<R r<RYIrT2

The interval [T, 27| containing the points {f,} is covered with those intervals of
length 4GL (T® < G < T'/?) (except the last which may be shorter) which have
a non-empty intersection with at least one interval of the form [z, — % t + %] The
centers of such intervals are denoted by 7/, and we suppose that there are R’ (< R)
such intervals. Moreover, by considering separately the points {¢,} with even and
odd indices r’, we are led to the estimation of the sum

', +2GL
Z/ 1£(3 + in)|* dr, (30)

-
g 1 —2GL

where |1, —1,,| = 4GLif ¥’ # s'. Now we recall (9) and set Q> := py> + p},. Since
(H =2GL)

t+H o0 )
/ £ +in|F dr < e/ £+ ity + ix) [P/ dx
1, o0

r_H _
- 2
= e/ [(tr + x) Q2 (1, + x) + Ep(t, + x)] O/
—00

it follows that the expression in (30) is

o0
< RGlogd T + Z G? / xE (. + x)e~@WH? dy

<R e

, @2 LZ 2GL ,
<RGlog" T+ ¢ > |Ex (7. + x)| dx

r<r Y T20L

) 2 12 7, +2GL
=RGlog" T+ & > |Ex ()] dr.

<R 7,—2GL
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Since the intervals (7, —2GL, t’, +2GL) are disjoint we obtain, on applying Holder’s
inequality (m = 1 is fixed), that the last sum above does not exceed

1=1/m 7 +2GL my 1/m
<R v<r \Y1/—2GL

¢, +2GL 7, 4+2GL A
& (RH-m Z/ |Ek(t)|mdt(/ ldt)
<R r:_,—ZGL t;/—ZGL
5T/2 1/m
< (R’)l—l/'"< / |Ek(t)|’”dt) (GL)'=Y/m,
T/2

If (27) holds, then the sum in (29) is 3> RV?*. Therefore we obtain
5T/2

3
szk < R/GLk2+1 + I;(R/)l—l/m /
G /2

1/m
|Ex()]™ dt) (GL)'~"/m,
Now choose

G = cV*[ -1 (31)

with a suitable ¢ > 0, so that R’'GL¥'+1 is dominated by RV?*. Simplifying the above
bound and taking into account that " < R, we have

5T/2
R <« L*"G™my—2km(GLym! [ |Ex(1)|™ dt. (32)
T/2
With G given by (31), it is seen that (32) simplifies to
R 5T/2
R < L4m+k-v—2k(m+1)/ |Ek(f)|m dl,
T/2

and this is (28). The proof in the general case is complete. The case k = 1 follows
on using (25) and the above arguments.

Besides results obtained from the case k = 1 (Corollaries 8.3 and 8.4), we may
consider the case k = 2. It was proved by Motohashi and the author [30, 31] and
Motohashi [40] that

T T
/ |Ey(1)] dr < T2, / |E>(0)[*dt < T?log® T.
0 0
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Thus with k = 2 and m = 1, m = 2, we obtain

T T
/ 1t +inFdr < T¥?10g’ T, / 1E(3 +in]"?dt < T?log™ T,
0 0

which are (up to log-factors) the sharpest known results.

The present knowledge about the function E;(T) does not make it possible to
exploit the moments of E(7T) when £k = 3. However, there are some heuristic
reasons to believe (see, e.g., [29]) that E5(T) <, T%*%¢ holds. Already this
pointwise bound would lead to

T
/ £ +in|Pdr <, T4,
0

hence to a substantial improvement over Heath-Brown’s classical bound (11). In
fact, any bound of the form E3(T) <, T**¢ with @ < 1 would improve (11).
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A Note on Bessel Twists of L-Functions
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Abstract We show that certain twists of Bessel type of a given L-function have
meromorphic continuation over C.
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1 Definitions and Statements

The purpose of this note is to obtain the meromorphic continuation of certain twists
of Bessel type of a given L-function.

By an L-function we mean a member of the extended Selberg class S*, namely
the class of Dirichlet series with continuation over C with at most a pole at s =
1, and satisfying a general functional equation of Riemann type. Almost every L-
function from number theory and automorphic representation theory belongs, at
least conjecturally, to S*. See Selberg [17], Conrey-Ghosh [2], Ram Murty [11],
and our survey papers [4, 6, 14, 15] and [16] for definitions and basic results on the
Selberg class theory. In particular, we assume that the reader is familiar with the
notions of degree and conductor of F € S*, respectively denoted by d and g.
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By a twist of Bessel type, Bessel twist for short, we mean a twist of the following
form. Let B(§) be a complex valued function of the real variable £ > 1 with the
property that as £ — +o0

B(é)erckw, 0<vy<vVi] <Vgp <-++— 00, (D
kEZ

where ~ means that for any positive integer K, B(§) equals the sum of the terms
with k| < K plus Og (£~ ™n0k+1:v—k=1) Moreover, e(x) = e*™™, ¢; € C and the
functions f; (€, &) are of type

Ni
filga) =) oy )

j=0

with oj = oj(k) # 0, k; = kj(k) and 0 < kn, < ky,—1 < -++ < Kko. Clearly, B(§)
is bounded for £ > 1. The twist of F € S* by B(£) is defined for & > 1 by the
absolutely convergent Dirichlet series

o0
, a(n)B(n)
F(S’ B) = Z ns ’
n=1
where a(n) are the coefficients of F(s). The function F(s; B) is called a Bessel twist
since the Bessel functions are typical examples of functions B(£); see below. In
particular, as a very special case of the Theorem below we obtain that the twist
i a(n)J, Qran®)

né

3)

n=1

where J,(z) denotes the familiar Bessel J-function and 0 # o € R, has
meromorphic continuation over C if k < 1/d, d being the degree of F(s). Moreover,
it is entire whenever k < 1/d.

Theorem. Let F € S* with d > 0 and B(§) be as above with all ko < 1/d. Then
F(s; B) is meromorphic over C. If all (€, &) have a term with exponent < 1/d, then
F(s; B) is entire.

It is clear from the proof that we have some control on the poles of F(s; B), as well
as more precise information about its analytic character in certain cases. Moreover,
we can also get meromorphic (or entire) continuation of F'(s; B) in certain cases with
Ko > 1 / d.

We finally remark that Noda [12, 13] obtained, by a different method, the
meromorphic continuation of the twists of the Riemann zeta function by certain
Bessel and hypergeometric functions, respectively. These results are now special
cases of our Theorem, see the examples below; however, Noda obtained also several
representations for such twists.
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2 Proof

The Theorem is a consequence of the properties of the nonlinear twists obtained in
our papers [5, 7] and [9]; we first summarize the main features of such results. Given
F € S* with d > 0 and f(£, &) as in (2) with kg < 1/d, the nonlinear twist

oo

Fei =3 2 o f ()

nS

n=1

is entire if (€, &) has at least one exponent < 1/d. If instead f (€, ) is the standard
twist «&/9, 0 # « € R, then F(s;f) is still entire if || & Spec(F), while it has
meromorphic continuation to C with at most simple poles at the points

d+1 &k
+ — — —ibp k=0,1,...

T T d

and nonvanishing residue at s if || € Spec(F). The spectrum Spec(F) is defined as
Spec(F) = {a > 0 : a(ny) # 0} where ny, = gd %o and a(ng) = 0if ny & N,

while the real number 6 is the internal shift of F(s) (see, e.g., [9]). Moreover, when
ko < 1/d the function F(s;f) is of order < 1 whenever entire. Further, F(s;f) has
polynomial growth on vertical strips when f(&, &) coincides with the standard twist
af'/?, and satisfies the weaker bound F(s;f) < exp(|t|*) with some § < 1 in the
other cases.

The Theorem follows from the above results. Indeed, thanks to (1), for any given
positive integer K we may write

F(s:B) = Y ctF(s:fi) + R (s) = Mx(s) + Rk(s).
[kl<K

say. But Mg (s) is meromorphic over C (or entire) by the above results, and Rk(s)
is absolutely convergent for 0 > — min(vgy1, v_g—1) + 1; the result follows since
such a minimum becomes arbitrarily large as K increases.

The above results about F(s; f) show that in principle we may gain some control
on the poles of F(s; B). In addition, we have some control on the growth of F(s; B)
on vertical strips. Moreover, under suitable information about the order of growth
of the constants involved in (1), we can also deduce that F(s; B) is of order < 1
when it is entire. We finally remark that in [8] and [10] we obtained the analytic
properties of F(s;f) in certain cases with ko > 1/d, hence corresponding result can
be obtained for F(s; B).
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3 Examples

As we already remarked, the Bessel functions are typical examples of functions
B(§). Indeed, by (3) and (4) of Sect.7.13 of the Bateman Project [3], the Bessel J-
and Y-functions satisfy, respectively,

K—1
1, (2) = (1z/2) " {cos(z — v /2 — 1/4) Z z%‘
k=0

K—1
) d _
—sin(z —vr/2 —m/4) E szﬁ} + 0(z|7)
k=0

and

K—1
Y, (2) = (wz/2) Y *{sin(z — vt /2 — 7 /4) Z ZCT’;
k=0

K—1
dy -
+cos(z —vm/2 — 7 /4) E W} + 0(l2] %)
k=0

as |z] - ooin — < argz < m, where ¢; and d; are certain explicit coefficients.
Writing sin z and cos z in terms of e and choosing z = 27 (£, @), by the Theorem
we obtain the continuation over C as meromorphic or entire functions of the Bessel
twists

o a(n)J, (27f (n, o)) o a(n)Y, (27 (n, o))
r; p and WX:; p ,

provided F € S* has degree d > 0 and f(£, a) has ko < 1/d. In particular, we may
choose f(§,a) = wf" witha € Rand ky < 1/d.

We can apply the Theorem in many other similar situations, for instance with
arbitrary Fox hypergeometric functions H(z) in place of the above J, (z) and Y, (z).
In fact, Braaksma [1] shows that any such function admits an asymptotic expansion,
for z = & — o0, as a finite sum of terms of the form

> C

& ’ o eC.
L
v=0

Given F € S¥, the twist F(s, H) converges somewhere if and only if i < 0
in all such terms. If e < 0, the corresponding term of the twist converges
everywhere and hence is entire. Otherwise, if e = 0 our Theorem applies,
securing meromorphic continuation whenever the exponent « does not exceed 1/d.
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We conclude with few details on the above remark about the order of F(s; B). In
general, suppose that we have a function B(§) with expansion of type

56 = ¥ a4 R

[vel<K

where
el > K, o <A, Ry(§) < AKETK

for certain positive constants §, A and C and with a finite number of different
exponents f; (€, &). Then a computation shows that the corresponding twist F(s; B) is
of a finite order whenever entire. The assumption about the finiteness of the number
of exponents can be relaxed, but instead we would need some uniform bounds for
the involved coefficients «. This can be justified by means of the estimates in [9],
see in particular Theorem 3 there. In particular, by the known bounds for the Bessel
J-function we can prove that the twist in (3) is of order < 1 whenever entire.
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The Sound of Fractal Strings and the Riemann
Hypothesis

Michel L. Lapidus

Abstract We give an overview of the intimate connections between natural direct
and inverse spectral problems for fractal strings, on the one hand, and the Riemann
zeta function and the Riemann hypothesis, on the other hand (in joint works of
the author with Carl Pomerance and Helmut Maier, respectively). We also briefly
discuss closely related developments, including the theory of (fractal) complex
dimensions (by the author and many of his collaborators, including especially
Machiel van Frankenhuijsen), quantized number theory and the spectral operator
(jointly with Hafedh Herichi), and some other works of the author (and several of
his collaborators).

Keywords Riemann zeta function * Riemann hypothesis (RH) ¢ Quantization
Quantized number theory ¢ Fractal strings ¢ Geometry and spectra ¢ Direct and
inverse spectral problems for fractal strings * Minkowski dimension * Minkowski
measurability * Complex dimensions ¢ Weyl-Berry conjecture ¢ Fractal drums e
Infinitesimal shift » Spectral operator * Invertibility * Quantized Dirichlet series
and Euler product  Universality ¢ Phase transitions * Symmetric and asymmetric
criteria for RH

1 Riemann Zeros and Spectra of Fractal Strings:
An Informal Introduction

Unlike an ordinary (Sturm—Liouville) vibrating string, which consists of a single
interval (of length £, say), a fractal string consists of infinitely many intervals (of
lengths £y, {5, ,¢;,---, with {; | 0 as j — o0), vibrating independently of each
other. Hence, the (eigenvalue or frequency) spectrum of a fractal string consists of
the union of the spectra (counting multiplicities) of each of the countably many
ordinary strings of which it is composed.
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A fractal string (or, equivalently, its boundary, viewed as a compact subset of the
real line R) always has (fractal) Minkowski dimension D between 0 and 1, the most
extreme case D = 0 and D = 1 being referred to (following [74]) as the least and
most fractal case, respectively, while the case when D = 1/2 is referred to (also as
in [74]) as the midfractal case. The latter case will play a key role throughout this
paper.

By listening to a fractal string, one can detect whether or not one of its complex
dimensions coincides with a nontrivial Riemann zero (that is, with a zero of the
Riemann zeta function which is located in the critical strip 0 < Re(s) < 1). Indeed,
it turns out that the Riemann zeta function { = ¢(s) mediates between the geometry
and the spectrum of a fractal string:

Gu(s) = E(s) - Lz (9), e))

where , ¢ (s) = §o(s) = Y ooy fi* is the spectral zeta function of the fractal
string ., with {f;}72, denoting the sequence of (suitably normalized) frequencies
of ., written in nondecreasing order according to their multiplicities, and ¢ & (s) :=
Zfil Ej is the geometric zeta function of £. This relation (discovered in [75, 76])
has played an important role in fractal string theory, as it enables one to understand
why some of the complex dimensions of .Z (i.e., the poles of the meromorphic
continuation of {¢) may be “canceled” by (nontrivial) zeros of {. Accordingly,
certain oscillations which are present in the intrinsic geometry of the fractal string
are no longer “visible” (or rather, “audible”) in the spectrum of .Z.

More poetically, it is shown in [86, 87] that “One can hear the shape of a fractal
string of dimension D # 1/2” (in the sense of a certain inverse spectral problem,
denoted by (ISP)p and to be specified in Sect. 6 below, and not in the original sense
of Kac [65]) if and only if the Riemann hypothesis is true. Moreover, one cannot hear
it for all of the fractal strings of dimension 1/2 (because { = ¢(s) has zeros on the
critical line Re(s) = 1/2). Hence, in the present approach, the truth of the Riemann
hypothesis is equivalent to the existence of a (mathematical) phase transition at D =
1/2 and at no other dimension D in the “critical interval” (0, 1). (See Theorems 6.15
and 6.17 below.) By “hearing the shape of a fractal string” here, we mean that the
inverse spectral problem (ISP)p, in Sect. 6 below has an affirmative answer for any
fractal string of dimension D.

Phrased a little more precisely: one can hear the shape of a fractal string of a
given (Minkowski) dimension D € (0, 1) if and only if the Riemann zeta function
£ (s) does not have any zero on the vertical line Re(s) = D. (See Theorem 6.14.)
Furthermore, in general, one cannot hear the shape of a fractal string in the
midfractal case where D = 1/2. (See Corollary 6.16.) Consequently, one can hear
the shape of a fractal string in every possible dimension D € (0, 1) (other than 1/2)
if and only if the Riemann hypothesis [150] is true; that is, if and only if

{(s) =0, 0 <Re(s) <1= Re(s) = % 2)
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(See Theorem 6.15). These results have been established by Lapidus and Maier in
[87] (announced in 1991 in [86]) building on the author’s earlier work [74] (see
also [75, 76]) on a partial resolution of the Weyl-Berry conjecture in any dimension
[6, 7]) as well as on the ensuing work of Lapidus and Pomerance [94] (announced
in 1990 in [93]) on a resolution of the one-dimensional (modified) Weyl-Berry
conjecture (of [74]) and its unexpected connections with the Riemann zeta function.
(See Conjecture 5.9 and Theorem 5.11 in Sect. 5.)

Later on, these results of [87] (which made use at the heuristic level of
the intuition of complex dimensions) were reinterpreted (by Lapidus and van
Frankenhuijsen in [99, 100]) in terms of the then rigorously defined notion of
complex dimension, as well as extended to a large class of Dirichlet series and
integrals, including all of the arithmetic zeta functions for which the generalized
Riemann hypothesis is expected to hold. (See also [101, Chap.9].) Moreover, a
method similar to the one used in [87], but now relying in part on the explicit
formulas established in [99—101] (and direct computations as well as on inverse
spectral problems), was used to show that the Riemann zeta function, along with a
large class of Dirichlet series and integrals (including most of the arithmetic zeta
functions [131, 132, 157] and [101, Appendix A] or [79, Appendices B, C and E],
other than the zeta functions of varieties over finite fields, for which the result clearly
does not hold) cannot have an infinite vertical arithmetic progression of zeros. (See
[101, Chap. 11] for this result and several extensions concerning the density of the
Zeros.)

Unknown at the time to Lapidus and van Frankenhuijsen of [99] (and of
earlier papers on this and related subjects), this latter result about the zeros in
arithmetic progression, in the special case of {, was already obtained by Putnam
in [138, 139] by a completely different method, which could not be generalized to
this significantly broader setting. This turned out to be quite beneficial to the general
theory of complex dimensions as it led us in [99-101] to significantly improve and
refine the authors’ original pointwise and distributional explicit formulas. (See, e.g.,
[101, Chap. 5].)

In the rest of this paper, we will be more specific and explain what type of inverse
spectral problem is involved here. (See, especially, Sect. 6.) First of all, we will
need to precisely define (in Sect. 2) what is a fractal string as well as its Minkowski
dimension and content.

We will then recall (in Sect. 3) results from [93, 94] providing a characterization
of the notions of Minkowski measurability and nondegeneracy, which will play
a key role in Sect.5 and part of Sect.6 (as well as serve as a motivation for
some aspects of Sect.7.4). In Sect.4, we will discuss Weyl’s asymptotic formula
and conjecture [180, 181] for the spectral asymptotics of drums with smooth (or
sufficiently “regular”’) boundary, as well as the Weyl-Berry conjecture [6, 7] for
drums with fractal boundary (or “fractal drums”) and its partial resolution obtained
in [74]. In Sect.5, we will present the resolution of the modified Weyl-Berry
(MWB) conjecture [74] for fractal strings obtained in [93, 94], thereby establishing
a precise connection between the corresponding direct spectral problem and the
Riemann zeta function ¢ = {(s) in the critical interval 0 < s < 1. In Sect. 6, we will
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introduce the aforementioned inverse spectral problem (ISP)p, for each D € (0, 1),
and then precisely state the results of [86, 87] connecting it with the presence of
zeros of the Riemann zeta function in the critical strip 0 < Re(s) < 1 (the so-called
critical or nontrivial zeros), and thereby, with the Riemann hypothesis.

Finally, in Sect. 7, we will discuss a variety of topics, closely connected to (or
motivated in part by) the above developments. The subjects to be discussed include
the mathematical theory of complex dimensions of fractal strings developed in [99—
101] (see Sect. 7.2), its higher-dimensional counterpart recently developed in [108—
113, 115, 116] (see Sect. 7.3), as well as aspects of “quantized number theory” (see
Sect. 7.4) developed in [53] (and [49-52] along with [80]). In particular, in the latter
subsection, we will see that the aforementioned inverse spectral problem (ISP)p, can
be rigorously reinterpreted in terms of the invertibility (or “quasi-invertibility”) of
the “spectral operator” a = £(d), with the “infinitesimal shift” (of the real line) 0
now playing the role of the usual complex variable s in the definition of the quantum
(or operator-valued) analog of the classic Riemann zeta function ¢ = £ (s).

We close this introduction by providing several relevant references. For general
references concerning the theory of the Riemann zeta function and related aspects
of analytic number theory, we mention, for example, [29, 58, 59, 66, 79, 101, 131-
133, 165, 174] along with the relevant references therein. For fractal string theory
and the associated theory of complex dimensions, along with their applications to
a variety of subjects, including fractal geometry, spectral geometry, number theory,
and dynamical systems, we refer to [101], along with [30, 31, 44, 47, 49-53, 72—
88, 90-97, 103-116, 119, 130, 134, 135, 140, 144, 172, 173, 183, 184] and the
relevant references therein. In particular, Chap. 13 of [101] provides an exposition
of a number of recent extensions and applications of the theory, including to fractal
sprays (higher-dimensional analogs of fractal strings [95]) and self-similar systems
([101, §13.1], based on [91, 92, 104, 105, 134, 135]), p-adic (or nonarchimedean)
geometry ([101, §13.2], based on [83-85, 107, 114]), multifractals ([101, §13.3],
based on [30, 96, 103]), random fractal strings ([101, §13.4], based on [44]), as well
as fractal membranes and the Riemann (or modular) flow on the moduli space of
fractal membranes ([101, §13.5], based on the book [79] and on [88]). As a general
rule, we will give specific references to the most recent monograph [101] rather than
to the earlier research monographs [99, 100].

2 Fractal Strings and Minkowski Dimension

A (nontrivial) fractal string .# is a bounded open set £2 C R which is not
a finite union of intervals. Hence, §2 is an infinite countable disjoint union of
(bounded) intervals J;, of lengths {; = |I;|, for j = 1,2,---: £ = UX,I;. Since
|£2] = Zj’il {; < oo, we may assume without loss of generality that (Ej)fil is
nonincreasing and so £; | 0 as j — oo. Furthermore, for our purposes, we may
identify a fractal string with its associated sequence of lengths (or scales), £ =
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(Z_,-)j’il, written as above (counting multiplicities). Indeed, all of the geometric
notions we will work with, such as V(¢), the Minkowski dimension and content,
as well as the geometric zeta function and the complex dimensions, depend only
on.¥ = (Z_,')j?'il and not on the particular geometric realization of . as a bounded
open subset £2 of R.

Given ¢ > 0, the (inner) e-neighborhood (or inner tube) of 382 (or of £) is
given by

2.,:={xe 2 :dx 02) < ¢}, 3)

where 02 denotes the boundary of £2 (a compact subset of R) and d(-, d§2) denotes
the (Euclidean) distance to 952.
In the sequel, we will let

V(e) = Vi (e) := [$2]. “)

the volume (really, the length or one-dimensional Lebesgue measure) of £2,. As
was mentioned above, it can be shown (cf. [93, 94]) that V(¢) depends only on .¥
(and not on the particular geometric realization £2 of .Z’). Then, given d > 0, the
d-dimensional upper Minkowski content of £ (or of d£2) is given by

" Ko 1 V(e)
My =M (L) = ELH(?Jr sup S (5)

and similarly for the d-dimensional lower Minkowski content .#y ; = M« (L),
except for the upper limit replaced by a lower limit.

The Minkowski dimension of . (or of its boundary 9£2),' denoted by D = D,
is defined by

D :=inf{d > 0: 4] < oo} 6)
=sup{d > 0: 4] = +o0}.

We note that since [£2]| < oo, we always have 0 < D < 1. Furthermore, from
the physical point of view, D will play the role of a critical exponent (or critical
parameter): it is the unique real number D such that .Z; = +oo for d < D and
M} = 0ford > D.

The upper (resp. lower) Minkowski content of £ is defined by .#* = A},
(resp., Ms = Mxp). We always have 0 < A, < #* < o0 If 0 <
My (L) M* < 00, then Z is said to be Minkowski nondegenerate. If, in addition,
My = AM* (i.e., if the upper limit in Eq. (5) is a true limit in (0, +00), with d := D),

I'This is really the upper Minkowski dimension of 02, relative to £2, but we will not stress this
point in this paper (except perhaps in Sect. 7.3).
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then we denote by .# this common value, called the Minkowsi content of ., and
the fractal string . (or its boundary 952) is said to be Minkowski measurable. So
that # = lim,_,o+ V(e)/e'™P and 0 < .4 < occ.

We close this section by stating a theorem that shows the intimate connections
between the geometric zeta function { ¢ of a fractal string . [introduced in Sect. 1
above, just after Eq. (1)], and the Minkowski dimension of .Z". (Recall that { (s) =
Zf’il ¢}, for all s € C with Re(s) sufficiently large.) This result was first observed
by Lapidus in [75, 76], using earlier work of Besicovich and Taylor in [8], and has
since then been given several direct proofs in [101, Theorem 1.10] and in [101,
Theorem 13.111]; see also [114]. It also follows from general results in [110, 116].

Theorem 2.1 ([75, 76]). Let £ be a fractal string. Then, the abscissa of conver-
gence of ¢ o coincides with the Minkowski dimension of £ : 0 = D.

Recall that the abscissa of convergence of { & is given by

o::inf%QeR:Z€f<oo}. (7

j=1

It follows from this definition and from known results about Dirichlet series with
positive coefficients (see, e.g., [165, §VI.2.2 and §VI1.2.3]) that (o = ((s) is
holomorphic for Re(s) > D and that the open right half-plane {Re(s) > D} is
the largest right half-plane (of the form {Re(s) > «}, for some @ € R U {£o00}) to
which { ¢ can be holomorphically continued as well as the largest such half-plane in
which the Dirichlet series 2721 Zj is absolutely convergent (and hence, convergent).
Therefore, ¢ & does not have any pole in {Re(s) > D}. (We refer, e.g., to [165, §V1.2
and §V1.3] or to [45] for an introduction to the theory of Dirichlet series.)

Furthermore, note that s = D is always a singularity of { & (i.e., {»(s) — 400
as s — D, s € R) and therefore, if ¢ can be meromorphically continued to an
open (connected) neighborhood of D, then D is a pole of ¢ . Theorem 2.1 above
(according to which D = @), along with this last observation, is one of the original
justifications for calling the poles of a meromorphic continuation of ¢ ¢ (to an open
connected neighborhood of {Re(s) > D}) the (visible) complex dimensions of the
fractal string .Z. (See [99—101] and, for a brief introduction, see Sect. 7.2 below.)

Here and thereafter, {Re(s) > o} stands for {s € C : Re(s) > «}. By convention,
for @ = —oo or 400, respectively, it coincides with C or the empty set @. Similarly,
if o € R, {Re(s) = o} denotes the vertical line {s € C : Re(s) = a}.

3 Characterization of Minkowski Measurability
and Nondegeneracy

We recall here some of the joint results of Lapidus and Pomerance obtained in [93,
94]. Further results from that work will be discussed in Sect. 5.
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Theorem 3.2 (Characterization of Minkowski Measurability [94]). Let . =
(Zj)fil be a fractal string of Minkowski dimension D € (0, 1). Then, £ is Minkowski
measurable if and only if

4~ Li™P as j — oo, ®)
for some constant L € (0,+00). In that case, the Minkowski content of £ is
given by

21—D

2 =1"D

LP. )

Equation (8) precisely means that the limit of ¢; - j'/? exists in (0, +-00) and is
equal to L. Furthermore, note that (8) is equivalent to

N (x) ~ MxP as x — +o0, (10)

with M := LP and where N o, the geometric counting function of .Z, is defined for
all x > 0 by

No(x) =#({j = 1: 4" <x}). (11)

Here and thereafter, #B denotes the number of elements of a finite set B. Moreover,
Eq. (10) precisely means that x? Ng(x) — M as x — oo, for some M €
(0, +00).

Although we will not use this result explicitly, it is helpful to also give the
counterpart of Theorem 3.2 for Minkowski nondegeneracy. Let os (resp., «*) be
the lower (resp., upper) limit of ¢; - jYP as j — oo; so that we always have
0<ay <a* <oo.

Theorem 3.3 (Characterization of Minkowski Nondegeneracy [94]). Ler & be
a fractal string of dimension D € (0, 1). Then, £ is Minkowski nondegenerate (i.e.,
0 < M(L)M* < 0) if and only if

0 < as(a* < 0. (12)

Concretely, Eq. (12) means that there exist positive constants ¢, C > 1 such that
cTljTVYP < ¢ < ¢j7V/P for all j > 1 or, equivalently, C™'x” < Ng(x) < CxP for
allx > 0.

Let N, = N, o denote the spectral (i.e., frequency) counting function of £ .
Hence, N, (x) := #({f € 0(Z) : f < x}) for all x > 0, where 0 (%) = {n - Zl_l :
n > 1,j > 1} denotes the (frequency) spectrum of £. (In essence, the frequencies of
Z are, up to a multiplicative normalizing positive constant, equal to the square roots
of the eigenvalues of .Z; that is, of the eigenvalues of the Dirichlet Laplacian —A =
—d?/dy? on any geometric representation £2 of .# by a bounded open subset of R.)
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It is also shown in [94] that Eq. (12) (and hence also, the Minkowski nondegeneracy
of £, according to Theorem 3.3) is equivalent to

0 < 8+(=)8* < o0, (13)

where 8, (resp., 8*) denotes the lower (resp., upper) limit of ¢, (x)/xP as x — +o0,
and ¢, (x) is the “asymptotic second term” for N, (x); namely, ¢,(x) := W(x) —
N, (x), with W(x) := |£2]x being the Weyl (or leading) term to be discussed in
Sects. 4.1, 5, and 6 below. (In general, one always has ¢, (x) > 0 for all x > 0 and
thus 0 < 8§, < 6* < 00.)

Equation (13) means that there exist ¢; > 1 such that cl_lxD < ox) <
c1xP for all x > 0; in other words, the error estimates of [74], to be discussed
further on in Theorem 4.8 of Sect.4.1, are sharp in this case. More specifically,
when N = 1 and D € (0, 1), each of the equivalent conditions (12) and (13)
characterizes the sharpness of the remainder estimates of [74], recalled in Eq. (19)
(see Theorem 4.8(i) below).

It is natural to wonder whether the counterpart of Theorem 3.3 and of its
complement for N, holds for one-sided (rather than two-sided estimates). The
answer may be somewhat surprising to the reader. In short, it is positive for the
upper estimates but negative for the lower estimates. More specifically, still in [94],
it is shown that

M* <00 ;= 0GP asj— oo (ie,a* <00) & Neg(x) = 0(x)
(14)

as x — 400 & ¢, (x) = 0(xP) asx — +o0, (ie., 8* < c0),

and, more generally, that the exact counterpart of (14) holds for any d > 0, provided
D and #* = ./} are replaced by d and .#, respectively. This provides, in
particular, a converse (in the present one-dimensional case) to the error estimate
obtained in [74] for the asymptotic second term of N, (x) to be discussed next; see
part (i) of Theorem 4.8 below, specialized to the case where N = 1 and D € (0, 1).

Moreover, it is shown in [94] by means of an explicit counterexample that in the
analog of (14) for .#, the implications in one direction holds, but not in the other
direction. For example, it is not true, in general, that #Zx > 0 & ax > 0 & 8, > 0.

Here, in Eq.(14), as well as in the sequel, given f : [0,+00) — R and
g 1 [0,400) — [0,400), one writes that f(x) = O(g(x)) to mean that there
exists a positive constant ¢, such that [f(x)| < c,g(x), for all x sufficiently large.
(For the type of functions or sequences we will work with, we may assume that
this inequality holds for all x > 0.) We use the same classic Landau notation for
sequences instead of for functions of a continuous variable.

In closing this section, we note that under mild assumptions on . (about the
growth of a suitable meromorphic continuation of its geometric zeta function { &), it
has since then been shown that within the theory of complex dimensions developed
in [99-101], the characterization of Minkowski measurability obtained in [94]
(Theorem 3.2 above) can be supplemented as follows (see [101], Theorem 8.15]),
under appropriate hypotheses.
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Theorem 3.4 (Characterization of Minkowski Measurability Revisited
[94, 101]). Let £ be a fractal string of Minkowski dimension D. Then, under
suitable conditions on ¢ (specified in [101, Sect. 8.3]), the following statements
are equivalent:

(i) £ is Minkowski measurable.
(ii)  Condition (8), or equivalently (10), holds.
(iii) D is the only complex dimension of £ with real part D, and it is simple.

Moreover, if any of these equivalent conditions is satisfied, then the Minkowski
content of £ is given by

M _ 1D res({ e, D)

M =2'"P :
1-D D(1 — D)

15)

where res({ ¢, D) denotes the residue of Lo (s) ats = D, M := L and L and M
are given as in (8) and (10), respectively.

Recall that the complex dimensions of £ are the poles of a (necessarily unique)
meromorphic continuation of { ¢ (to a connected open neighborhood of {Re(s) >
D}). According to a result of [75, 76] (see Theorem 2.1 above), there are no complex
dimensions with real parts > D; see the discussion following Eq. (7) above.

Remark 3.5. When £ is a self-similar string (in the sense of [101, Chap. 2] i.e.,
the boundary of .Z is a self-similar set), it is shown in [101, Theorems 2.16, 8.23
and 8.36] that no hypothesis on ¢« is needed in the counterpart of Theorem 3.4,
and that either of the equivalent statements (i), (ii), or (iii) of Theorem 3.4 is true
if and only if .Z is nonlattice; i.e., iff the subgroup of R generated by the logarithms
of its distinct scaling ratios is not of the form oZ, for some ¢ > 0. If .Z is lattice,
then it is Minkowski nondegenerate but is not Minkowski measurable.

Finally, we mention that the original proof of Theorem 3.2 given in [93, 94] was
analytical and combinatorial in nature. Several parts of the proof have since been
established in a different manner by Falconer in [31], using some techniques from
the theory of dynamical systems, and more recently (and perhaps most concisely),
by Rataj and Winter in [144] using techniques from geometric measure theory (in
particular, from [143, 169] and the relevant references therein).

Remark 3.6. 'We also note that the notion of Minkowski dimension was introduced
(for noninteger values of the dimension) by Bouligand in the late 1920s in [16]. The
notion of (normalized) Minkowski content was introduced by Feder in [33], while
that of Minkowski measurability was apparently first used by Staché in [169].

The Minkowski dimension is also often called “box dimension” (see, e.g.,
[32,97, 101, 121, 122, 175] or the applied literature on fractal dimensions), entropy
dimension, or capacity dimension, for example. Contrary to the Hausdorff dimen-
sion, it is not o-stable [that s, it is usually not true that D(UZ2 | Ay) = sup;.; D(Ax)],
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where D(A) denotes the upper Minkowski dimension of A; see, e.g., [32, 122, 175].2
Furthermore, unlike the Hausdorff measure (which is a true positive Borel measure,
in the usual mathematical sense of the term [21, 32, 35, 97, 122]), the Minkowski
content (when it exists) or more generally, the upper Minkowski content, is not
a measure (it is only finitely sub-additive). In fact, as is pointed out in [74] (see
also [75, 76]), and somewhat paradoxically, this is precisely because it does not
have all of these desirable mathematical properties that the Minkowski dimension
is important in the study of aspects of harmonic analysis as well as of spectral and
fractal geometry, including the study of the vibrations and spectra of fractal drums or
“drums with fractal boundary” ([74-76], see also Sect.4 below) and, in particular,
of fractal strings (i.e., one-dimensional drums with fractal boundary). See, e.g., [74,
Examples 5.1 and 5.1'].

4 The Weyl-Berry Conjecture for Fractal Drums

In this section, we first briefly recall Weyl’s classic formula for the leading
spectral asymptotics of ordinary (smooth or piecewise smooth) drums, as well
as corresponding extensions and sharp remainder estimates (from [74]), valid
for general fractal drums and providing a partial resolution of the Weyl-Berry
conjecture [6, 7] in any dimension; see Sect.4.1. (In Sect. 5, we will specialize the
situation to the one-dimensional case, which is the main focus of this paper.) In the
latter part of this section, we will comment on various aspects of Weyl’s formula
for fractal drums, both in the case of drums with fractal boundary (which is of most
interest here) and in the related case of drums with fractal membrane (corresponding
to Laplacians and Dirac operators on fractals themselves); see Sect. 4.2. We will also
conclude this section by briefly mentioning some of the physical and technological
applications of these mathematical results about fractal drums and of the original
(or modified) Weyl-Berry conjecture.

4.1 Weyl’s Asymptotic Formula with Sharp Error Term
Jor Fractal Drums

Hermann Weyl’s classic asymptotic formula ([180, 181]; see also, e.g., [23, 146])
for the frequency (or spectral) counting function N, = N,(x) of an ordinary
(N-dimensional) drum can be stated as follows:

N, (x) = Ey|2|nx" + o(xV) (16)

2A simple counterexample is provided by A := {1/k : k > 1} and A; := {%} for each k> 1,
viewed as subsets of R; then, D(A) = 1/2, whereas D(A;y) = 0 for all k > 1 and hence,
sup;>; D(Ay) = 0.
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as x — 4o00. Here, |£2| := |£2|y denotes the volume of the bounded open set
2 C RY (ie., the N-dimensional Lebesgue measure of §2). Furthermore, given
x > 0,N,(x) is the number of (suitably normalized) frequencies f of the drum not
exceeding x, and ¥y is an explicitly known positive constant which can be expressed
in terms of the volume of the unit ball of R [and therefore, in terms of appropriate
values of the gamma function I" = I'(s)]. In the sequel, we denote the leading term
in (16) by

W(x) := 6|2 " (17)

and call it the Weyl term. In addition, mathematically, the spectrum of the (V-
dimensional) “drum” is interpreted as the spectrum of the Dirichlet Laplacian —A
on a given nonempty bounded open set 2 C RMY(N > 1), with boundary 9s2.
Furthermore, the Dirichlet boundary conditions are interpreted variationally (or in
the distributional sense); see, e.g., [17, 120] or [74, §2].

Since the Laplacian is a second order (self-adjoint, positive) linear operator,
the aforementioned (normalized) frequencies are (up to a multiplicative constant)
equal to the square roots of the eigenvalues. In the present situation, the spectrum
is discrete and hence, we can order these frequencies in nondecreasing order (and
according to their multiplicities) as follows:

O<fi<fp<--=fu <., withfy - +ooasn — oo. (18)

Remark 4.7. Physically, W(x) can be interpreted as a volume in phase space. More
specifically, W(x) is proportional to

[{(x. &) € 2 x RY 1 £ < #%}|aw = |B(O, D]y [$2]v *",

where RN x RV ~ R?" is the “phase space” (the space of positions and velocities
or equivalently, momenta, of the classical particle) and for o > 0, B(0, ¢) denotes
the ball of center the origin and radius ¢ in RV.

In [6, 7], extending to the fractal case a classic conjecture of the mathematician
Weyl [180, 181] in the “regular” (or “smooth” case),® the physicist Michael Berry
has conjectured that (16) should be completed to obtain an asymptotic second term
for the spectral counting function N, (x), of the form —Cy ;7% (382)x" =: S(x),
where H is the Hausdorff dimension of the boundary 052 (H € [N—1, N]), 7% (052)
is the H-dimensional Hausdorff measure of d£2 (a well-known fractal generalization
to noninteger dimensions of the notion of “volume”; see, e.g., [32, 33,97, 122, 175]),
and Cy y is a positive constant independent of §2 and depending only on N and H

3See, e.g., [55-57, 60-62, 71, 124, 125, 162—164] (along with the relevant references therein and
in [101, §12.5 and Appendix B]) for results (in the smooth case) concerning the Weyl conjecture
about the asymptotic second term of the spectral counting function N, (x).
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(as well as expressed in terms of the gamma function, by analogy with the known
results in integer dimensions for simple examples such as N-dimensional cubes).
Unfortunately, it turns out that Berry’s conjecture (called the Weyl-Berry
conjecture in [74] and in the literature since then), although very stimulating, is
not correct, as was first noted by Brossard and Carmona by means of an explicit
counterexample in [18] and then, explained from a mathematical point of view
(and illustrated by a family of even simpler counterexamples) in [74]. (See, in
particular, [74, Examples 5.1 and 5.1’].) Furthermore, H should be replaced by
D, the (inner) Minkowski dimension of d£2, and 7% (d$2) might reasonably be
replaced by .#(952), the (inner) Minkowski content of d52. Finally, as was shown
in [75, 76, 94, 95], even the expected constant Cy y (When it exists) does not simply
take the form of Cy p (where D is the Minkowski dimension of d£2) but whatever
replaces the factor of proportionality in the counterpart of S(x) should merely be

expressed in terms of the residue at s = D of the meromorphic continuation
of the corresponding spectral zeta function ¢,(s) = Y oo f5, where (f,)%2, is

the sequence of frequencies of the drum, as given in Eq.(18) above. In fact, in
Sect. 5, we will see that when N = 1 (the special case of fractal strings instead of
higher-dimensional fractal drums) and when 052 (or, equivalently, the fractal string)
is Minkowski measurable (with Minkowski content denoted by .#), then C, p is
proportional to the positive number —¢ (D), where { = {(s) is the classic Riemann
zeta function and D € (0, 1). (See Theorem 5.11 below, where in light of (23), C, p
is of the form cp.#, with ¢p given by Eq. (24).)

On the positive side, the following partial resolution of the Weyl-Berry conjec-
ture was obtained by Lapidus in [74] (recall that the Weyl term W (x) is given by (17)
above and is therefore proportional to xV):

Theorem 4.8 (Sharp Error Estimates [74]). Let 2 be any (nonempty) bounded
open subset of RN. Recall that we always have D € [N—1, N], where D = D(382) is
the (inner) Minkowski dimension of 052; see comment (b) in Sect. 4.2 just below.

(i) Then, in the “fractal case” where D € (N — 1, N], we have
N, (x) = W(x) + O(xP) as x — +o0, (19)

provided /;(3§2) < oo, where the (pointwise) remainder estimate O(x") is
sharp for every D € (N — 1,N). Furthermore, if #}5(0§2) = +o0, then D
should be replaced by D + ¢, for any arbitrarily small ¢ > 0.

(ii) In the “nonfractal case” where D = N — 1 (which is the case, for example,
if the boundary 052 is piecewise smooth or, more generally, locally Lipschitz),
then exactly the same result as in part (i) holds, except for the fact that the error
term now takes the form O(xP logx) as x — +o00 (with D := N — 1).

When .#5(052) = +o0, either in case (i) or (ii) of Theorem 4.8, one should try
to use the later extension of this theorem obtained in [47] and expressed in terms
of generalized (upper) Minkowski contents, relative to suitable gauge functions; see
comment (g) in Sect. 4.2 just below.
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Note that in the most fractal case when D = N, the remainder estimate (19) still
holds but is clearly uninteresting because then, the error term is of the same order
as the leading term W(x) given by Eq. (17).

4.2 Further Comments, Extensions, and Applications

We next comment on various aspects and extensions (in related contexts) of
Theorem 4.8 and of the Weyl-Berry conjecture. Just as in Sect. 4.1, our discussion
is not meant to be exhaustive in any way but simply aims at providing various
pointers and references where the interested reader can find a lot more detailed
information.

(a) The nonfractal case where D := N — 1 (see part (ii) of Theorem 4.8 just above)
was essentially already obtained by Métivier in [128] (see also [126, 127]), in
a slightly less precise form and using a different terminology (not explicitly
involving the notions of Minkowski dimension and content).

(b) In Theorem 4.8, the (inner) Minkowski dimension D and (inner) upper
Minkowski content .Z} := .#}(952) are defined exactly as in the one-
dimensional case where N = 1 (see Eqgs. (6) and (5), respectively), except that
on the right-hand side of (5) (with d := D), V(g)/e!™P should be replaced
by V(g)/eV™P. Since 2 C RY is bounded, it has finite volume and therefore
it is easy to check that D < N. Furthermore, since 052 is the boundary of a
(nonempty) bounded open set, its topological dimension is equal to N — 1 and
hence, D > N — 1. Consequently, as was observed in [74], we always have
N —1 < D < N. (For the special case of fractal strings, we have N = 1 and
we thus recover the fact that 0 < D < 1; see the statement following Eq. (6) in
Sect. 2.)

In [74], the case where D = N — 1 is called the least or nonfractal case, the case
where D = N is called the most fractal case, while the case where D = N — % (i.e.,
the codimension N — D = {D} is equal to 1/2, where {D} € [0, 1) is the fractional
part of D), is referred to as the midfractal case. It turns out that each of these cases
(where the codimension N — D takes the value 0, 1 or 1/2, respectively)* plays an
important role in the proof of Theorem 4.8 (and its generalizations) given in [74]
(as well as in related spectral or geometric results obtained in [74, Examples 5.1
and 5.1’, along with Appendix C]).

(c) To show that the remainder estimates are sharp (in case (i) of Theorem 4.8
where D € (N — 1,N) and .#};(3§2) < 00), a simple one-family of examples
is constructed in [74, Example 5.1 (N = 1) and Example 5.1" (N > 1)]. When

N = 1,itis of the form §2, := UZ,((j+ 1)™*,j7), where a > 0 is arbitrary, so

4Strictly speaking, when D = N — 1, N — D = 1 is not equal to {1}.
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that 0§2, = {0}U{j~“ : j > 1}. It follows that for every a > 0, H = 0 (since 052,
is countable), whereas D = (a+1)~", 352, is Minkowski measurable (as defined
in Sect.2 above and shown in [74]) with Minkowski content .Z := .#p(052)
equal to 2!7Pa”/(1 — D); see [74, Appendix C]. This was the first explicit
example of a fractal string and served as a motivation for the formulation of
Theorem 3.2 above (the characterization of Minkowski measurability for fractal
strings, obtained in [94]) and the MWB conjecture, stated in [74] and to be
discussed in Sect.5 below (see Conjecture 5.9). Note that the midfractal case
where D = 1/2 corresponds to a = 1, while the most (D = 1) and least (D = 0)
fractal cases correspond, respectively, to the limits a — 0% and @ — +oo0.
Furthermore, the symmetry a <> 1/a exchanges D and 1 — D.

Finally, when N > 2, exactly the same statements as above are true for the N-
dimensional analog (a fractal comb) of £2,, defined by 2, := 2, x [0, 1]V~ We
then havethat H = N—1,D =N—-1+4+ (a+ )7, 082,y is Minkowski mea-
surable and .#p(382, n) has the same value as above. Furthermore, the remainder
estimate (19) of part (i) of Theorem 4.8 is still sharp for every a > 0 [and hence, for
every D € (N — 1,N)]; see [74, Example 5.1']. Actually, it follows from the later
results (from [94]) recalled in Sect. 5 below that for every a > 0,

Ny (x) = W(x) — cn.p Ap(02)x° + 0(xP) as x — +00, (20)

where 2 = 2, y, W(x) is given by (17), and ¢y p is explicitly known.

(d) Under suitable hypotheses, Theorem 4.8 has an exact counterpart for the
Neumann Laplacian (instead of the Dirichlet Laplacian), with the boundary
conditions interpreted variationally (as in [17, 120] or [74, §2]) as well as
for higher order, positive self-adjoint elliptic operators with (possibly) variable
coefficients and with Dirichlet, Neumann, or mixed boundary conditions; see
[74], Theorem 2.1 and its corollaries. For the Neumann Laplacian, the error
estimate (19) holds, for instance, for the classic Koch snowflake domain
and, more generally, for all planar quasidics [123, 136] (e.g., for the simply
connected planar domains bounded by the Julia sets of the quadratic maps
7+ 72 + ¢, where the complex parameter c is sufficiently small).

(e) In [18], for the Dirichlet Laplacian and using probabilistic methods, Brossard
and Carmona have obtained error estimates (as t — 0T) for the partition
function Z, = Z,(t) := Tr(e'?) (the trace of the heat semigroup), of interest
in quantum statistical mechanics, probability theory, harmonic analysis, and
spectral theory. These estimates are also expressed in terms of the (inner)
Minkowski dimension D. We should note, however, that even though part (i) of
Theorem 4.8 implies those error estimates, the converse is not true, in general.
Indeed, typically, beyond the leading term (for which a classic Tauberian
theorem can be used in order to show the equivalence of the corresponding
results for N, (x) and Z,(¢) (see, e.g., [65, 168]), pointwise asymptotic results
for N, (x) are considerably more difficult to obtain than for Z, (z).
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(f) The Weyl-Berry conjecture for drums with fractal boundary (and its modifica-
tions in [74]) has since been studied in a number of different contexts, both
analytically and probabilistically. We refer to [101, §12.5] for a number of
references on the subject, including [18, 34, 38, 39, 44, 47, 74-76, 86, 87, 93—
95, 99-101, 109, 116, 129, 176]. We also refer [40, 55-57, 60-62, 71, 74-76,
124, 125, 162-164] and [101, Appendix B] for related references (including
[40] in the case of partition functions) on the spectral asymptotics of smooth
(as opposed to fractal) drums. A general introduction to Weyl’s asymptotic
formula and its analytic or probabilistic proof (for smooth or piecewise smooth
boundaries, for example) can be found in [23, 40, 65, 146, 168].

Finally, we mention that the original Weyl-Berry conjecture was also formulated
for “drums with fractal membrane” (as opposed to “drum with fractal boundary”).
An appropriate modification of the conjecture was established in that setting by
Kigami and Lapidus in [69] (building on a conjecture of [76]) for a large class of
self-similar fractal drums corresponding to Laplacians on fractals (the so-called
“finitely ramified” or p.c.f. self-similar sets), such as the Sierpinski gasket, the
pentagasket, and certain fractal trees. In particular, in [69] is established a suitable
analog of Weyl’s classic asymptotic formula, but now for the leading spectral
asymptotics of Laplacians on (self-similar) fractals (see, e.g., [68]) rather than on
bounded open sets with fractal boundary. The resulting semi-classical formula,
along with its geometric interpretation, is further explored and extended from
the point of view of nonsmooth geometric analysis and Connes’ noncommutative
geometry [22], in [70, 77, 78] and (in a somewhat different setting and using suitably
constructed Dirac operators and intrinsic geodesic metrics on the fractals under
consideration), in [20, 98].

Beside [69, 76], see also, e.g., [101, §12.5.2] for many other references on (or
related to) this subject, including [20, 26, 36, 42, 43,70, 72,73,77,78, 98, 141, 142,
153-155, 166, 172, 173].

(g) Theorem 4.8 above (from [74]), along with the results from [94] stated in Sect. 3
above and Sect. 5 below, and a part of the results from [87] discussed in Sect. 6
below have been extended by He and Lapidus in the research memoir [47] to
the more general situation where the (now generalized) Minkowski content
is no longer defined in terms of a strict power law, but in terms of a large
class of “gauge functions” involving, for example, expressions of the form
xPlogx, xPloglogx,--- or x”/logloglog x, etc. This is of interest in the appli-
cations to fractal geometry, spectral geometry, harmonic analysis, probability
theory, stochastic processes, and mathematical or theoretical physics.

We close this section by briefly commenting on the physical relevance of Weyl’s
asymptotic formula (see [65] for an interesting overview), Theorem 4.8 above (from
[74]) and the Weyl-Berry conjecture which partially motivated it. The Weyl-Berry
conjecture, along with its various modifications and extensions, has potential or
actual physical and engineering applications to condensed matter physics, quantum
mechanics, quantum chemistry, quantum chaos, acoustics, diffusions, and wave
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propagation in fractal or random media (i.e., on or off fractals), geophysics, radar
and cell phone technology (fractal antennas), as well as the making of computer
microchips. (See, e.g., [6, 7, 20, 65, 70, 72-79, 89, 98, 102, 141, 142, 156, 159] and
the relevant references therein.)

We will next focus on the one-dimensional case (i.e., N = 1), as in the rest of this
paper (with the exception of the present section), and therefore on the connections
between this subject and aspects of number theory, particularly the Riemann zeta
function and the Riemann hypothesis, in Sects. 5 and 6, respectively.

5 Direct Spectral Problems for Fractal Strings
and the Riemann Zeta Function in the Critical Interval

Having discussed in Sect. 4 the Weyl classical asymptotic formula (with error term)
and the closely related Weyl-Berry conjecture, we may now specialize the situation
to the one-dimensional case (that of fractal strings, corresponding to N = 1 in
Sect.4.1) and discuss the key result of [94] establishing the (one-dimensional)
“MWB conjecture” for fractal strings; see Theorem 5.11 below. This brings to the
fore direct connections between the spectra of fractal strings and the Riemann zeta
function ¢ = £ (s), in the case of the “critical interval” 0 < s < 1. (See also Eq. (1)
above for a related general formula.) This connection will be further explored in
Sect. 6 (based on [87]), in relation with the critical strip 0 < Re(s) < 1, the Riemann
hypothesis and the converse of Theorem 5.11; that is, an inverse (rather than a direct)
spectral problem for fractal strings; see, in particular, Theorems 6.14 and 6.15 (from
[87]) in Sect. 6 below.

Let £2 be an arbitrary (nontrivial) fractal string (i.e., a bounded open subset of
R), of Minkowski dimension D € (0, 1) and associated sequence of lengths .¥ =
(€;)72,, written in nonincreasing order (according to multiplicities) and such that
{; | 0asj— oo; see Sect. 2. In the sequel, we will refer to such a fractal string as
£2 or £, interchangeably.

Recall from our discussion in Sects. 1 and 4.1 that a one-dimensional fractal drum
(i.e., drum with fractal boundary) is nothing but a fractal string. Furthermore, recall
from Sect. 2 that the (Minkowski) dimension of a fractal string always satisfies 0 <
D < 1. In the sequel, we exclude the extreme cases where D = 0 and D = 1 (the
least or nonfractal case and the most fractal case, respectively) and therefore assume
that D belongs to the critical interval (0,1) : 0 < D < 1.

Letting N = 1 in the expression (17) for the Weyl term [i.e., the leading term
in Weyl’s asymptotic formula (16)] W = W(x), we obtain (given our current
normalization for the frequencies)

W(x) = |£2|; x, forx > 0. 2D
So that, according to Weyl’s classic formula (16), we have

N, (x) = W(x) + R(x), 22)
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where W(x) is given by (21) and R(x) = o(x) as x — +o0. Furthermore, provided
M* < oo (i.e., £ has finite upper Minkowski content), then according to part (i)
of Theorem 4.8 above (from [74]), the error term R(x) in (22) can be estimated as
follows: R(x) = O(xP) as x — +00. Moreover, if . is Minkowski nondegenerate
(i.e., 0 < My < M* < 00), we even have that R(x) is truly of the order of x”
as x — +oo (according to a result of [94]) briefly discussed in Sect. 2 above; and
conversely (still by Lapidus and Pomerance [94]), if R(x) is exactly of the order of
xP [resp.,if R(x) = O(xP)], then .Z is Minkowski nondegenerate (resp., .Z* < 00).
(See Theorem 3.3 and Eq. (14).)

The question is now to know when we really have an asymptotic second term,
proportional to x, in Weyl’s asymptotic formula (22). We will sometimes refer to
such a term as a *“ monotonic second term.” In [74], the following conjecture (called
the MWB conjecture, for short) was stated.

Conjecture 5.9 (MWB Conjecture [74]). If £ is a Minkowski measurable fractal
string of dimension D € (0, 1), then

N, (x) = W(x) — cp Mx° + 0o(xP), as x — 400, (23)

where .# denotes the Minkowski content of % (i.e., of its boundary d£2) and cp is
a positive constant depending only on D.

Remark 5.10.

(a) In higher dimensions (i.e., when N > 2 and 2 C RY is a bounded open
set), the counterpart of the MWB conjecture is not true, in general; see [34]
and, especially, [95] for various counterexamples. Moreover, one does not know
whether it is true for a simply connected domain in the plane (i.e., when N = 2).
It is not the object of the present paper to discuss this issue further, although it
is of significant interest and is also very intricate.

(b) When N = 1, the Minkowski measurability condition is necessary, in general,
for the spectral counting function N, to admit a monotonic asymptotic second
term, proportional to x°, as x — +oo. For example, for the Cantor string
¥ = Zes (defined by 2¢5 := [0, 1] \C, the complement in [0, 1] of the classic
ternary Cantor set C), N, admits an oscillatory (asymptotic) second term.
More specifically, for the Cantor string, the asymptotic second term is of the
form —x? G(log, x), where G is a 1-periodic function which is bounded away
from zero and infinity; see [94] and, especially, [101, Eq. (16.57) and §10.2.1].
This fact was first proved in [93, 94] (by a direct computation) and does not
contradict the MWB conjecture since (as was also first proved in [93, 94]), the
Cantor string is not Minkowski measurable (but is Minkowski nondegenerate).
Moreover, these issues were investigated in great detail in [99-101], by using
the theory of complex dimensions and associated explicit formulas developed
in those monographs. (See, e.g., [101], Chap. 6, §8.4 and Chap. 10.)

It is shown, for example, in [101, Chap. 6, §8.4] (building in part on con-
jectures and results in [76]) that a self-similar string is Minkowski measurable



218 M.L. Lapidus

if and only it is nonlattice (i.e., the logarithms of its distinct scaling ratios are
rationally independent). Moreover, it follows from loc. cit. that a lattice self-
similar string (e.g., the Cantor string) is never Minkowski measurable (but is
Minkowski nondegenerate) and that its spectral counting function N, (x) always has
an asymptotic second term which is oscillatory and of the order of x” (in fact, it is
of the form xP G(logx), where G is a nonconstant periodic function on R which is
bounded away from zero and infinity).

More generally, we will see in Theorem 6.14 of Sect.6 (based on [87]) that
if { = C(s) does not have any zeros on the vertical line {Re(s) = D}, then the
existence of an asymptotic second term proportional to x” for the spectral counting
function N, (x) implies that . is Minkowski measurable (i.e., the hypothesis of
Conjecture 5.9 is also necessary).

The following theorem (due to Lapidus and Pomerance in [94], and announced
in [93]) gives the precise asymptotic second term of the spectral (or frequency)
counting function of a Minkowski measurable fractal string, thereby resolving in the
affirmative the MWB conjecture for fractal strings and yielding the specific value of
the positive constant cp appearing in Eq. (23) above.

Theorem 5.11 (Resolution of the MWB Conjecture for Fractal Strings [94]).
The MWB conjecture for fractal strings (Conjecture 5.9 above) is true for every
D € (0,1). More specifically, if £ is a Minkowski measurable fractal string of
dimension D € (0, 1), then its frequency counting function N, = N, (x) admits a
monotonic second term, proportional to xP, of the exact same form as in Eq. (23).
Furthermore, the positive constant occurring in (23) is given by

cp = (1= D) 270D/ (—¢ (D). (24)

Note that cp > 0 because { = (s) is strictly negative in the critical interval
0 <s < 1(see,e.g., [174]): —¢(D) > 0 since D € (0, 1). Furthermore, in Eq. (24),
the constant cp is proportional to the positive number —¢ (D), and hence, to the value
ats = D of { = {(s) in the critical interval 0 < s < 1.

We next briefly comment on the structure of the proof of Theorem 5.11 given in
[94]. It relies on two different theorems. Namely, the geometric characterization of
Minkowski measurability (Theorem 3.2 above, from [94]) along with the following
theorem (also from [94]), which is of an analytic number theoretic nature and whose
motivation will be explained after its statement. (In the sequel, given y € R, [y]
stands for the integer part of y and {y} := y—[y] € [0, 1) denotes the fractional part

of y.)

Theorem 5.12 (The Sound of Minkowski Measurable Fractal Strings [94]).
Let & be a Minkowski measurable fractal string of dimension D € (0,1).
Equivalently, according to Theorem 3.2 (see Eq. (8) in Sect. 3), let £ = (Kj)j?’il be

a nonincreasing sequence of positive numbers satisfying (for some positive constant
L>0)

6~ Li7VP as j — oo, (25)
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Then

Dl = D4 | x4+ (DL + o(x) as x > +o0. (26)
j=1

J=1

where { denotes the classic Riemann zeta function. Equivalently, Eq. (26) can be
stated as follows:

Z{Zj x} ~ =L(D) LPxP as x — +o0.

j=1

We note that in order to state Theorem 5.12, one does not need to assume that
% is Minkowski measurable and therefore, to rely on Theorem 3.2. Instead, one
can simply assume that (25) [or, equivalently, (10)] holds for some D € (0,1).
Theorem 3.2 is then used when deducing Theorem 5.11 from Theorem 5.12.

Given a fractal string 2 = U]?’illj (as in Sect. 2), its spectral counting function
N, =: N,(£2,) satisfies N,(22,-) = > 72, N, (I}, ), with N, (I;,x) = [¢x] for
each j > 1 because [; is an interval of length {;. It follows that N,(x) =
Z;i [¢;x], which is the left-hand side of (26). In light of the first expression
obtained for the Minkowski content .# in Eq.(15) (and the line following it),
one then easily deduces Theorem 5.11 (and hence, the MWB conjecture for fractal
strings, Conjecture 5.9) from Theorem 5.12. Note that |2], = Zj'il {;, so that the
leading term of N, (x) = Zj'il [¢; x] in (26) coincides with the Weyl term W (x)
[given by (21)], as it should. Furthermore, as was alluded just above, by using
the expression of .# given by the first equality in (15) and eliminating L” in the
asymptotic second term of (26), one establishes both the existence and the value of
the positive constant cp (explicitly given by Eq. (24) of Theorem 5.11).

Physically, the aforementioned relation, N, (£2, ) = 2721 N, (1}, ), follows from
the fact that the intervals /; comprising the fractal string §2 (or, more poetically,
the strings of the fractal harp) are vibrating independently of one another. Mathe-
matically, it follows from the variational formulation of the underlying eigenvalue
problem; see, e.g., [74] and the relevant references therein (including [120, 146]).

6 Inverse Spectral Problems for Fractal Strings
and the Riemann Hypothesis

It is natural to wonder whether the converse of Theorem 5.11 (or essentially
equivalently, of the MWB conjecture for fractal strings, Conjecture 5.9) is true.
Roughly speaking, this means that if there are no oscillations of order D in the
spectrum of .Z, then there are no oscillations of order D in the geometry of .Z.
Rephrased: If N, (x) has an asymptotic second term, proportional to xP, is it true
that .Z is Minkowski measurable?



220 M.L. Lapidus

More precisely, given D € (0, 1), the inverse spectral problem (ISP)p under
consideration can be stated as follows:

(ASP)p If £ is a fractal string of dimension D such that
Ny(x) = W(x) — € x° + o(x”) as x - +o0, 27

for some nonzero (real) constant €, then is it true that £ is Minkowski
measurable (or, equivalently, in light of Theorem 3.2 and the comment following
it, that No(x) ~ M xP as x — 400, for some positive constant M, where
Ny = N (x) denotes the geometric counting function of £)?

The above problem, (ISP)p, is called an inverse spectral problem since given
some spectral information about the fractal string .Z (namely, the existence for
N,(x) of a monotonic asymptotic second term, proportional to xP), one asks
whether one can recover some geometric information about . (namely, that .Z is
Minkowski measurable). Similarly, the MWB conjecture from [74] (Conjecture 5.9
above) and its resolution given in Theorem 5.11 above (from [94]) fall naturally
within the class of direct spectral problems.

Remark 6.13.

(a) In the statement of (ISP)p, it is not necessary to assume that .Z is of Minkowski
dimension D since a result from [94] (recalled in Theorem 3.3 above and
the comment following it) shows that (27) implies that £ is Minkowski
nondegenerate (i.e., 0 < #, < .#* < o0) and hence, has Minkowski
dimension D.

(b) Originally, in [86, 87], the error term o(xD) in the counterpart of Eq. (27), was
assumed to be slightly smaller, namely, O(x?/ log' ™ x) as x — +o0, for some
8 > 0. However, an unpublished work of Hilberdink (2000, Written personal
communication to the author, unpublished), using an improved version of the
Wiener—Ikehara Tauberian theorem (see, e.g., [137]) used in [86, 87], shows
that the more general estimate o(xP) suffices. (Actually, in [86, 87], the better
error estimate is only used for the sufficiency part of the proof of Theorem 6.14,
that is, the part requiring the use of a Tauberian theorem.)

(c) For Dirichlet boundary conditions (which are assumed here in (ISP)p), one
must necessarily have ¥ > 0 in Eq. (27) because then, we have that N, (x) <
W (x) for all x > 0, which implies that 4 > 0. Note that by hypothesis, ¢ # 0.

In [87] (announced in [86]), Lapidus and Maier have shown that this family of
inverse spectral problems (ISP)p, for D ranging through the critical interval (0, 1),
is intimately related to the presence of zeros of { = {(s) in the critical strip 0 <
Re(s) < 1 (i.e., to the critical zeros of ), and thereby, to the Riemann hypothesis.
More specifically, we have the following two theorems (the second one really being
a corollary of the first one).

Theorem 6.14 (Characterization of the Nonvanishing of { Along Vertical Lines
in the Critical Strip [87]). Fix D € (0, 1). Then, the inverse spectral problem
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(ISP)p is true (that is, has an affirmative answer for every fractal string of
dimension D satisfying the assumptions of (ISP)p) if and only if the Riemann zeta
function ¢ = {(s) does not have any zeros along the vertical line {Re(s) = D}; i.e.,
if and only the “D-partial Riemann hypothesis” is true.

Theorem 6.15 (Spectral Reformulation of the Riemann Hypothesis [87]). The
inverse spectral problem (ISP)p is true for every value of D in (0, 1) other than in
the midfractal case when D = 1/2 [or equivalently, for every D € (0,1/2)] if and
only if the Riemann hypothesis is true.

Theorem 6.15 follows at once from Theorem 6.14 since the Riemann hypothesis
states that {(s) = 0 with 0 < Re(s) < 1 implies that Re(s) = 1/2 (i.e., that s
belongs to the critical line {Re(s) = 1/2}). The fact that in Theorem 6.15, D can be
equivalently assumed to be in (0, 1/2), (1/2, 1) orin (0, 1)\{1/2}, follows from the
functional equation satisfied by ¢ = ¢(s), according to which

E(s) =6 —y), foralls € C, (28)
and hence,
{(s) =0« ¢(1—s) =0, for0 <Re(s) < 1. (29)

Here, ¢ = £(s) denotes the completed Riemann zeta function (or the global zeta
function of Q, the field of rational numbers), defined by &(s) 1= 7 ~/2I"(s/2)Z (s).
For the standard properties of ¢ and of &, we refer, e.g., to [29, 58, 66, 133, 174].
The next result follows immediately from Theorem 6.14 and the well-known
fact according to which ¢ has a zero (and even infinitely many zeros, according to
Hardy’s theorem [29, 174], even though it is not needed here) along the critical line

{Re(s) = 1/2).

Corollary 6.16 ([87]). The inverse spectral problem (ISP)p is not true in the
midfractal case when D = 1/2.

The following interpretation of Theorem 6.15 and Corollary 6.16 has first been
proposed in [75, 76] and has since been pursued in a different, but closely related
context, in [49-53] and in [80], as will be briefly discussed towards the end of
Sect. 7.4 below.

Theorem 6.17 (The Riemann Hypothesis as a Mathematical Phase Transition
[75,76]). The Riemann hypothesis is true if and only if (ISP)p, the inverse spectral
problem for fractal strings, fails to be true (i.e., fails to have an affirmative answer)
only in the midfractal case when D = 1/2.

In [75, 76], Lapidus also wondered (in an open problem) whether the mathemat-
ical phase transition conditionally (i.e., under RH, and in fact, if and only if RH
is true) occurring at D = 1/2 could be understood (in a suitable model) as a true
physical phase transition, of the type occurring in the theory of critical phenomena
in statistical physics or quantum field theory. He also asked whether the (then)
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intuitive notion of fractal “complex dimension,” underlying the proof of the key
part of Theorem 6.14 (as will be explained next), could not be understood as a
“complexified space-time dimension,” as in Wilson’s theory of phase transitions
and critical phenomena [182].

We now briefly comment on the proof of Theorem 6.14, the central result of
[87], from which Theorem 6.15 and Corollary 6.16 (as well as Theorem 6.17)
follow, given the known properties of the Riemann zeta function. First, note that
Theorem 6.14 consists of two different theorems (and was stated as such in [86, 87]).
The part of Theorem 6.14 corresponding to a sufficient condition (for (ISP)p to
be true) is established by using the Wiener—Ikehara Tauberian theorem (see, e.g.,
[137] or [87] for the statement of this theorem). That is, assuming that [for a given
D € (0,1)], (s) # O for all s € C on the vertical line {Re(s) = D}, one uses
the aforementioned Tauberian theorem in order to show that the inverse problem
(ISP)p has an affirmative answer (for all fractal strings of dimension D). On the
other hand, in order to establish the converse, namely, the fact that the condition
that £(s) # O for all s € C on the vertical line {Re(s) = D} is necessary for the
inverse spectral problem (ISP) to be true (i.e., to have an affirmative answer for all
fractal strings of dimension D), one uses in [86, 87] in a key (but rigorous) manner
the intuition (at the time) of complex dimension and its intimate connections with
asymptotic oscillatory behavior (both in the geometry and the spectrum), along with
Theorem 3.2 (from [94]).]

More specifically, we reason by contraposition. Fix D € (0, 1) and assume that
{(w) = 0, for some w € C such that Re(w) = D. Then, due to the basic symmetry
of ¢ (namely, £(5) = C(s), where the bar indicates that we are taking the complex
conjugate of the given complex number), we also have {(@w) = 0. Let us write
w = D +it, with t € R; so that @ = D — ir. Without loss of generality, we may
assume that 7 > 0. (Clearly, t # 0 since {(D) < 0 because 0 < D < 1.)

Next, for x > 0, let

Ux) :=xP + B(x® +x°) = xP(1 4 2B cos(t logx)), (30)

for some coefficient § > 0 sufficiently small, and let V(x) := [U(x)], the integer
part of U(x). It is easy to check that for all 8 small enough, U(x) > 0 and U is
(strictly) increasing on (0, +00); furthermore, the range of U is all of (0, +00).
Hence, for such values of 8, given any integer j > 1, we can uniquely define
£; > 0 such that U({;) = j (and thus, V({;) = j). In this manner, we define
a fractal string £ = ({;)2, with geometric counting function N coinciding
with V : Ny = V. In light of Eq.(30), Ny = V = [U] has sinusoidal (and
hence, nontrivial periodic) oscillations, caused by the “complex dimensions” w
and @. Therefore, N ¢ (x) cannot be asymptotic to x°; equivalently, we do not have

51t can now also be systematically understood in terms of the generalized explicit formulas of [101,
Chap. 5]; see [101, Chap.9]. The resulting theorems and assumptions, however, are somewhat
different.
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N (x) ~ M xP as x — +oo, for some M > 0. (Note that here, according to (30), we
would have to have M := 1.) It then follows from Theorem 3.2 (the characterization
of Minkowski measurability, from [94]) and the comment following it that . is not
Minkowski measurable. Moreover, and using the fact that {(w) = {(w) = 0, via a
direct computation® it is shown in [87] that Eq. (27) holds for the fractal string .,
for some (explicitly known) positive constant ¢’. Consequently, the hypothesis (27)
of (ISP)p, is satisfied but its conclusion (namely, the Minkowski measurability of .#)
is not; i.e., the inverse spectral problem (ISP)p cannot be true for this value of
D € (0, 1) because it fails to hold for this particular fractal string .Z. This proves
that if (ISP)p, is true for some D € (0, 1), we must have {(s) # 0 for all s € C such
that Re(s) = D, as desired.

We point out that in the above construction, the geometric oscillations caused by
the nonreal complex dimensions @ and @ of . remain [as is obvious from (30)],
but due to the fact that by construction, {(w) = ¢(w) = 0, the spectral oscillations
[in the asymptotic second term of N, (x)] disappear. Therefore, we see the subtle
interplay between complex dimensions, geometric and spectral oscillations, as well
as the critical zeros of ¢. (Clearly, both w and @ belong to the open critical strip
0 < Re(s) < 1 since we have that Re(w) = Re(w) = Dand D € (0, 1).)

Finally, we note that by using the theory of complex dimensions developed in
[99-101], it can be shown that the above fractal £ has exactly three complex
dimensions (each of which has a real part equal to D and multiplicity one). Namely,
the set Z» of complex dimensions of .Z is given by Z¢ = {D, w,w}. Moreover,
observe that x* = x” x'" and x* = xP x7%; so that the real part (resp., the
imaginary part) of the complex dimension w (or @) determines the amplitude (resp.,
the frequency) of the corresponding geometric or spectral oscillations (viewed
multiplicatively). This statement is now fully corroborated (for any fractal string and
its complex dimensions) by the rigorous theory of complex dimensions of fractal
strings and the associated (generalized) explicit formulas developed in [99-101].

7 Epilogue: Later Developments and Research Directions

In this epilogue, by necessity of concision, we very briefly discuss further devel-
opments closely connected to (or partly motivated by) the results discussed in the
main body of this paper as well as by related results and conjectures in [74-76].
These topics include a geometric interpretation of the critical strip for the Riemann
zeta function { = ¢(s) (see Sect.7.1), the theory of complex dimensions of fractal
strings (see Sect.7.2), fractal zeta functions and a higher-dimensional theory of
complex dimensions (valid for arbitrary bounded subsets of Euclidean spaces and
relative fractal drums (RFDs), see Sect.7.3), quantized number theory and the

This is now proved in [99-101] by using the (generalized) explicit formulas from [99-101] and
Eq. (1).
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spectral operator, along with a functional analytic reformulation of the results of
[87] discussed in Sect. 6, as well as a different framework (developed in [49-53])
and a new asymmetric reformulation of the Riemann hypothesis recently obtained
by Lapidus in [80] (see Sect. 7.4).

7.1 Fractal Strings, { = {(s), and a Geometric
Interpretation of the Critical Strip

The one-dimensional situation (i.e., the case of fractal strings) is ideally suited to
the Riemann zeta function { = ¢(s) in the (closed) critical strip 0 < Re(s) < 1,
as we have seen in Sect. 5 and, especially, Sect. 6 above. This is due in part to the
product formula (1), {,(s) = £(s) - {»(s), connecting the geometric zeta function
¢ o of a fractal string . to its spectral zeta function ¢,,” combined with the fact that
fractal strings always have a (Minkowski) dimension between Oand 1 : 0 < D < 1.

These facts, along with the results of [93, 94] and some of the results and
conjectures of [74-76], have led to the following geometric interpretation of the
(closed) critical strip 0 < Re(s) < 1, using the terminology introduced in [74] (in
any dimension): The least (resp., most) fractal case when D = 0 (resp., D = 1),
corresponds to the left- (resp., right-) hand side of the critical strip, that is, to
the vertical line {Re(s) = 0} (resp., {Re(s) = 1}. Furthermore, the midfractal
case when D = 1/2 corresponds to the critical line, namely, the vertical line
{Re(s) = 1/2} where (according to the Riemann hypothesis) all of the nontrivial
(or critical) zeros of ¢ = ¢(s) are supposed to be located. This geometric picture
of the critical strip has later been corroborated by the work in [86, 87] described
in Sect. 6 above. Its complete and rigorous justification has then been provided by
the theory of complex dimensions for fractal strings (that is, in the one-dimensional
situation) developed in [99-101]. (See, in particular, [101, Chaps.9 and 11].) We
will next briefly describe (in Sect. 7.2) a few aspects of the latter theory.

7.2 Complex Dimensions of Fractal Strings
and Oscillatory Phenomena

The theory of complex dimensions of fractal strings, developed by Lapidus and van
Frankenhuijsen in the research monographs [99-101] (and several corresponding
articles), aimed originally at obtaining a much more accurate understanding of the
oscillatory phenomena which are intrinsic to fractals (in their geometries and their

7We note that the product formula (1) for the spectral zeta functions of fractal strings has since
been extended in various ways in the setting of Laplacians on certain self-similar fractals; see
[26, 72,73, 172, 173].
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spectra as well as in the underlying dynamics). This is accomplished via explicit
formulas (generalizing Riemann’s original 1858 explicit formula and its extensions
to various aspects of number theory and arithmetic geometry, see [24, 29, 58, 131-
133, 157, 174] along with [101, §5.1.2 and §5.6]) expressed in terms of the
underlying complex dimensions; see [101, Chap. 5]. The latter complex dimensions
are defined as the poles of a suitable zeta function, typically a geometric, spectral,
dynamical, or arithmetic zeta function. (See [101].)

In the case of fractal strings, which is the main focus of the theory developed
in [99-101], these explicit formulas can be applied, for example, to the geometric
counting function Ng(x), the spectral counting function N,(x), the volume of
tubular neighborhoods V(g) (giving rise to a “fractal tube formula”), or to the
counting function of the number of primitive geodesics of an underlying dynamical
system. (See [101, Chaps. 6-11].) In the special case of self-similar strings, the
resulting fractal tube formulas give very precise information, in part due to the
knowledge of the periodic (or, in general, the quasiperiodic) structure of the complex
dimensions (see [101], Chaps. 2-3 and Sect. 8.4).

For a fractal string %, under mild growth assumptions on the associated
geometric zeta function (& (see [101, §5.1]) and assuming that all the complex
dimensions (i.e., the poles of { ) are simple, the fractal tube formula for V(e) =
V¢ (e) takes the following form (see [101, Chap. 8]):

(2e)!7®
V(e) = o, ———— + R(e), 31
;@ o(l —w)

where ¥ = ¢ denotes the set of (visible) complex dimensions of . and «,, :=
res({ ¢, w) for each w € 2. Furthermore, the error term R(¢) is precisely estimated
in [101]. In the important special case of self-similar strings (which includes the
Cantor string discussed just below), one can take R(¢) = 0 and therefore obtain an
exact fractal tube formula (which holds pointwise); see [101, §8.4].

Remark 7.18.

(a) The explicit formula is valid for multiple poles as well but must then take
a different form, in general. Namely, we then have (see [101, Theorems 8.1
and 8.7])

V(e) = ) res (M a)) + R(¢). (32)

= s(1—ys)

(b) The fractal tube formulas (31) and (32) hold pointwise or distributionally,
depending on the growth assumptions made about {¢; see [101], Sect.8.1,
especially, Theorems 8.1 and 8.7 and their corollaries. Also, in the so-called
strongly languid case (in the sense of [101, Definition 5.3]), we canlet R(¢) = 0
and therefore obtain an exact formula. This is the case, for example, for all self-
similar strings; see [101, §8.4].
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(c) For the first higher-dimensional analog of (31) and (32), see [99-101] for
specific examples of fractal sprays (in the sense of [95]), and for a fairly general
class of fractal sprays and self-similar tilings (or, less generally, sets), see
[91, 92, 104, 105]; see also [134, 135] and, for a direct approach in the case of
the Koch snowflake curve [90]. Within the general higher-dimensional theory of
complex dimensions developed in [108—113, 115, 116], the precise counterpart
of (31) and (32) is provided in [108, 113] and [116, Chap. 5]; see Sect. 7.2 for a
brief discussion.

Let us now specialize the above discussion to the Cantor string .2 = CS, viewed
geometrically as the bounded open set £2 C R, defined as the complement of the
classic ternary Cantor set in [0, 1]; hence, 052 is the Cantor set. Then . = CS =
(Zj)j‘il, with £ = 1/3,4, = 43 = 1/9,8, = 45 = Lg = €7 = 1/27,---.
Alternatively, the lengths of the Cantor string (or harp) are the numbers 37!
repeated with multiplicity 2", forn = 0, 1,2,---. Then

—S

3
ch(s) = m, forall s € C; (33)

so that the set Z¢s of complex dimensions (here, the complex solutions of the
equation 1 —2-37° = 0) is given by
Des ={D+inp:n €7}, (34)

where D := log; 2 = log 2/ log 3 (the Minkowski dimension of CS or, equivalently,
of the ternary Cantor set) and p := 2x/log3 (the oscillatory period of CS).
Then (31) (with R(x) = 0) becomes

(28)17D7inp

1
Ves(e) = -
es(®) = 310a3 % (D + inp)(1 — D — inp)

2¢ (35)

=¢'""P G(loge™!) — 2,

where G is a periodic function which is bounded away from zero and infinity. One
then recovers the result from [93, 94] according to which CS (and hence also,
the Cantor set) is Minkowski nondegenerate but is not Minkowski measurable.
(Actually, the values of .#x and .#* are computed explicitly in [94] as well as,
in a more general context, in [101, Chap. 10].)

Moreover, the geometric counting function of CS is given by

xD+mp

2log 3 ZZD+inp B

ne

Nes(x) =

1 (36)
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while the corresponding frequency counting function is given by
xD-‘rinp

D + inp

1
Nycs(x) =x+ —— Z ¢(D + inp) 4+ O(1) as x — +oo. 37
2log3 -~

(See [101], Sect. 1.1.1, Sect. 1.2.2 and Chap. 6.)

In (31) and (35)—(37), we see the intuitive (and actual) meaning of the complex
dimensions. Namely, the real (resp., imaginary) parts correspond to the amplitudes
(resp., frequencies) of the oscillations [in the spaces of scales, for (31) and (35)—
(36), and in frequency space, for (37)].

Remark 7.19 (Fractality and Complex Dimensions). The notion of fractality is
notoriously difficult to define. Mandelbrot [121] has proposed to define a fractal as a
geometric object whose Hausdorff dimension is strictly greater than its topological
dimension. There is an obvious problem with this definition (Mandelbrot was
aware of it, as is stated in his book, [121, p. 82]). Namely, the Cantor curve (or
“devil’s staircase”) is not fractal in this sense (since its Hausdorff, Minkowski, and
topological dimensions are all equal to 1); however, as Mandelbrot states in [121],
everyone would agree that the Cantor curve should be called “fractal”. This issue
has long preoccupied the present author.

There is, however, a satisfactory way to resolve this apparent paradox as well
as many other related and unrelated issues. In the theory of complex dimensions
developed in [99-101], an object is called “fractal” if it has at least one nonreal
complex dimension (with positive real part). (See [101, §12.1].) Accordingly, the
Cantor curve (CC) is, indeed, fractal because its set of complex dimensions is
given by Yec = PDes U {1}, where Py is the set of complex dimensions of the
Cantor set (or, equivalently, the Cantor string) given by (34). (Hence, Ycc has
infinitely many nonreal complex dimensions with positive real part.) Furthermore,
(nontrivial) self-similar strings (and, more generally, self-similar geometries) are
fractal.® In order to accommodate random (and, in particular, stochastically self-
similar fractals), as in [44] and the relevant references therein, the above definition
of fractality has been extended to allow for a “fractal” A to be such that its associated
zeta function 4 has a natural boundary along a suitable curve of the complex plane,
called a “screen” in [101, §5.1] (and hence, such that {4 cannot be meromorphically
extended beyond that curve). In [108-113, 115, 116], such a compact subset of
RV is called a “hyperfractal.” In [110, 112, 116] are even constructed “maximal
hyperfractals”; that is, compact subsets A of RY (where N > 1 is arbitrary) such that
4 has a nonremovable singularity at every point of the “critical line” {Re(s) = D},
where D is the Minkowski dimension of A.

Remark 7.20 (Noncommutative Riemann Flow of Zeros and the Riemann Hypoth-
esis [79]). In the long term, the theory of complex dimensions aims at unifying
many aspects of fractal and arithmetic geometries. Many concrete and more abstract

8 An example of a trivial self-similar set is an interval of R or a cube in R¥ (N > 2). In such cases,
all of the complex dimensions are easily seen to be real; see [101, 112, 113] and [116].
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examples are provided in [101]. This direction is pursued in many different
directions in the author’s book, In Search of the Riemann Zeros [79], where is
introduced the notion of fractal membrane (i.e., quantized fractal string) and the
associated moduli spaces of fractal membranes (as well as of fractal strings). In
[79], a still conjectural (noncommutative) flow on the moduli space of fractal
membranes and correspondingly, a flow of zeta functions (or partition functions)
and a flow of zeros are used in an essential manner in order to provide a possible
new interpretation of (and approach to) the Riemann hypothesis.

Accordingly, the flow of fractal membranes can be viewed as some kind of
noncommutative Ricci flow which is transforming (as “time” tends to infinity or
physically, as the absolute “temperature” tends to zero) generalized quasicrystals
into (self-dual) pure crystals. Correspondingly, the zeta functions are becoming
increasingly symmetric (that is, satisfy a true functional equation, in the limit),
while the zeros (of these zeta functions) are pushed under this flow (viewed as
a flow on the Riemann sphere) onto the Equator, which naturally represents the
critical line in this context. Conjecturally, this would also provide a proof of the
generalized Riemann hypothesis (GRH), valid for all of the number theoretic zeta
functions for which the analog of the Riemann hypothesis is expected to be true.
(See, e.g., [131, 132, 157] and [101, Appendix A] or [79, Appendices B, C, and
E].) Very concisely, this is the interpretation of (and approach to) the Riemann
hypothesis proposed in [79]. Needless to say, it poses formidable mathematical
and physical challenges but may nevertheless stimulate further investigations of
the aforementioned (noncommutative) Riemann (or “modular’’) flow, whether it be
viewed as a (noncommutative) Ricci-type flow or, physically, as a renormalization
flow (not unlike the one which presumably describes the time evolution of our
universe).

7.3 Fractal Zeta Functions of Arbitrary Compact Sets
and Higher-Dimensional Theory of Complex Dimensions

In a forthcoming book by Lapidus, Radunovi¢ and Zubrinié, entitled Fractal Zeta
Functions and Fractal Drums [116] (see also the series of research and survey
papers [108-113, 115]), is developed a higher-dimensional theory of complex
dimensions, valid for any bounded subset of N-dimensional Euclidean space RV,
with N > 1 arbitrary. Distance and tube zeta functions are defined in that general
setting. Let D be the (upper) Minkowski dimension of a given (nonempty) bounded
subset A of RV, Then it is shown in [110, 116] that the distance zeta function of A,
denoted by ¢4 = {a(s) and defined (for all s € C with Re(s) sufficiently large and
for a given § > 0) by

Ea(s) := [A d(x,A) Ndx (38)

is holomorphic for Re(s) > D.
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Remark 7.21.

(a) This new type of fractal zeta function, {4, was introduced by the author in 2009
in order to be able to extend to any higher dimension N the theory of complex
dimensions of fractal strings developed in [99, 100] (and now also in [101]). The
case of fractal strings corresponds to N = 1; in that case, the precise relationship
between ¢ & and {4, with A := 0.7, is explained in [110, 116].

(b) For the simplicity of the discussion, we assume here that [A| = 0 (i.e., A is a
Lebesgue null set), which is the case of most fractals of interest. We refer to
[116] for a discussion of the general case.

A first key result of the theory is that the abscissa of convergence of this
Dirichlet-type integral (viewed as a Lebesgue integral) or, equivalently, the abscissa
of (absolute) convergence of {4, coincides with D:

o =D, (39)

the (upper) Minkowski (or box) dimension of A. Therefore, {Re(s) > D} is the
largest open right half-plane (of the form {Re(s) > «}, for some @ € RU{+to00}), on
which the Lebesgue integral appearing on the right-hand side of (38) is convergent
(i.e., absolutely convergent). This result is the higher-dimensional counterpart of
Theorem 2.1 above (first noted in [75, 76] in the case of fractal strings, i.e., when
N = 1). The proof of Eq. (39) makes use of an interesting integral estimate obtained
in [46] in order to study the singularities of solutions of certain linear partial
differential equations. (See also [183].)

Moreover, under mild assumptions, namely, if D < N (recall that we always have
0<D<N), ///*D > 0 and the Minkowski dimension of A exists (i.e., the lower and
upper Minkowski dimensions of A coincide), then {Re(s) > D} is also the maximal
open right-half plane to which {4 = {4(s) can be holomorphically continued; i.e.,
D coincides with Dj,;(¢4), the abscissa of holomorphic continuation of C4:

D =0 = Dpui(La), (40)

where, as above, D = D(A) and 0 = D ({a).
An entirely analogous theorem holds for the tube zeta function of A, denoted by
Za = Ca(s) and defined by

- 8 d
G = [, @

for all s € C such that Re(s) > D. ~

In fact, it can be shown that the two functions, {4 and (N — s) {4, differ by
an entire functiog, from which it follows that (for D < N), the two fractal zeta
functions {4 and {4 have exactly the same qualitative properties. In particular, given
a domain U C C containing {Re(s) > D}, the common half-plane of (absolute)
convergence of {4 and {4, {4 can be meromorphically extended to U if and only if
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it is the case for Z 4. Furthermore, {4 and E 4 have exactly the same poles, in U (with
the same multiplicities). These poles are called the (visible) complex dimensions
of A. Moreover, the residues of {4 and {4 at a simple pole (or, more generally, the
principal parts at a multiple pole) are related in a very simple way. For example, if
D is simple, then we have

res(¢a, D) = (N — D) res(Ca, D).

Finally, if {4 (or, equivalently, 2 4) can be meromorphically continued to an open
and connected neighborhood of D, then D is a simple pole of {4 and {4 (i.e., itis a
complex dimension of A)° and the residue of {4 at s = D is squeezed between the
lower and upper Minkowski contents of A:

My < res(fA;D) <. 4*. (43)

If, in addition, A is Minkowski measurable (with Minkowski content denoted by .,
as before), then

res(Z’A;D) = /4. (44)

Both formulas (43) and (44) are valid even if D = N, although the justification
of this statement requires a specific argument; see [116].

We should note that, in light of the aforementioned functional equation connect-
ing {4 and {4, the choice of § is unimportant in the definition of {4 and {4 (in (38)
and (41), respectively). Furthermore, the residues of {4 and {4 at (simple) complex
dimensions are independent of §.

In the special case when N = 1 (that is, for fractal strings), it is shown (still in
[110, 115, 116]) that the distance zeta function {4 and the geometric zeta function
{ o are closely related (here, A := 92 and . is the fractal string associated with
the bounded open set 2 C R). In fact, given any subdomain U of {Re(s) > 0}
(or, more generally, of C\{0}), { & has a meromorphic continuation to U if and only
if {4 = Cyo does. Consequently, ¢ and {4 have the same poles (with the same
multiplicities) in U; i.e., they have the same visible complex dimensions. This is
true independently of the geometric realization 2 of the fractal £ = ({;)2, as a
bounded open subset of R. In particular, we recover Theorem 2.1.

A variety of results are provided in [108-113, 115, 116], guaranteeing the
existence of a suitable meromorphic extension of {4 (and of {4) beyond the
half-plane of convergence {Re(s) > D}. Moreover, many examples of computation

9Since ¢4 and EA are holomorphic in the open half-plane {Re(s) > D}, it then follows that
D = max{Re(s) : s € 7}, (42)

where 2 is the set of (visible) complex dimensions of A in any domain U containing this
neighborhood of {D}.
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of the complex dimensions of a variety of fractals (when N = 1,2 or N > 3)
are provided throughout [108—113, 115, 116]. These fractals include (one- or two-
parameter) families of generalized Cantor sets, the Sierpinski gasket and carpet, a
relative fractal drum counterpart of the Menger sponge (a three-dimensional analog
of the Sierpinski carpet, see, e.g., [121]), families of spirals, fractal curves such as
the Cantor curve (or devil’s staircase), which is examined from several points of
view, as well as geometric chirps and curves with cusps. The theory is extended
to a new class of objects, called RFDs, which allow a much greater flexibility in
many situations and generalize both the usual fractal drums (i.e., drums with fractal
boundary, in the sense, for example, of [74-76], as discussed in Sect. 4 above) and
the class of bounded subsets of Euclidean space R". It is noteworthy that in the
case of RFDs, the relative Minkowski dimension can be negative; it can even take
the value —oo, as is shown in [109, 112, 116], where geometric explanations are
provided for this “dimension drop” phenomenon.

In short, a RFD is a pair (A, §2), with A an arbitrary (possibly unbounded) subset
of RY and £ an open subset of RV with finite volume (i.e., |£2|y < oco) and such
that 2 C Ajg, for some § > 0. The special case of an ordinary fractal drum (or
“drum with fractal boundary,” in the sense of [74—76]) corresponds to the case where
A = 052 and £2 is as above.

Furthermore, the main results of [74] (see Sect.4.1 above, especially, Theo-
rem 4.8) are used in an essential manner in order to show that the spectral zeta
function of a fractal drum (that is, of the Dirichlet Laplacian on a bounded open
subset of RV, with N > 1) can be meromorphically extended to (at least) the open
half-plane {Re(s) > D}, where (as before) D is the (upper) Minkowski dimension
of the boundary 952 of the drum. [This was already observed in [76], using [74]
and a well-known Abelian-type theorem (in the sense of [168]), the converse of a
Tauberian theorem. It can also be deduced from the main result of [74] by a direct
argument, based on the holomorphicity of an integral depending analytically on a
parameter.] Moreover, using the construction of a maximal hyperfractal'® carried
out in [109, 110, 116] (and alluded to towards the end of Remark 7.19 above), it is
shown that the half-plane {Re(s) > D} is optimal, in general; i.e., it cannot usually
be larger, from the point of view of the meromorphic continuation of the spectral
zeta function. We note that under suitable assumptions, the Dirichlet Laplacian can
be replaced by a higher order positive, self-adjoint elliptic operator, with possibly
variable coefficients and with Dirichlet, Neumann or mixed boundary conditions;
see [74, 109, 116].

Extensions of the results of [108—113, 115, 116] to unbounded sets, in particular,
are provided in [140].

10Recall that in the terminology of [108—113, 115, 116], a “maximal hyperfractal” is a compact
subset A of RV such that {4 has a nonremovable singularity at every point of the “critical line”
{Re(s) = D}; in addition to Remark 7.19, see Remark 7.22 below.
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Finally, we note that ¢4 and E 4 remain unchanged if we replace the bounded set
A C RY by its closure A. As a result, we could have assumed throughout that A
was a compact subset of RN, Moreover, we point out that fractal tube formulas,
significantly extending to compact subsets of RV the corresponding (pointwise
and distributional) tube formulas obtained in [101, §8.1-8.3] for fractal strings (as
well as the later tube formulas obtained for fractal sprays in [91, 92, 104, 105]),
are established in [108, 113] and [116, Chap. 5], without any assumptions of self-
similarity and in every dimension N > 1.

Remark 7.22. We close this discussion by mentioning the fact that the higher-
dimensional theory of fractal zeta functions and the associated complex dimensions
now enables us to extend to the general (higher-dimensional) setting the definition
of fractality introduced in [99-101] (see, especially, [101, §12.1 and §12.2]).
Accordingly, a geometric object is said to be “fractal” if it has at least one nonreal
complex dimension (with a positive real part). In particular, one can now precisely
talk about the fractality of any bounded subset A (or, more generally, RFD) in RY,
with N > 1 arbitrary. (Compare with Remark 7.19 above.)

As an example, the Cantor curve (i.e., the “devil’s staircase” in the terminology
of [121]) is fractal according to this definition, whereas it is not fractal according
to Mandelbrot’s original definition in [121] (because its Hausdorff, box and
topological dimensions coincide and are equal to one). (Recall from Remark 7.19
that in [121], a geometric object is said to be “fractal” if its Hausdorff dimension
is strictly greater than its topological dimension.) One can also check that most of
the classic “fractals” (for example, the ternary Cantor set and its generalizations, as
well as the Sierpinski gasket and carpet and their higher-dimensional counterparts)
are indeed fractal in this new sense. (See [109, 112, 113, 116] for these and many
other examples.)

A technical challenge remains to prove this same result for all (suitable) self-
similar sets (as was done when N = 1 for self-similar strings in [99-101] and when
N > 2 for a large class of self-similar sprays or tilings in [91, 92, 104, 105]),11 as
well as for the classic types of fractals occurring in complex dynamics (Julia sets, the
Mandelbrot set and their generalizations; see, e.g., [118, 121, 167]) and in conformal
dynamics and/or hyperbolic geometry (for instance, limit sets of Fuchsian groups
and Kleinian groups; see, e.g., [5]), possibly by using other gauge functions than
the usual ones based on the standard power laws, as was originally done in [47] and
further studied in [108-113, 115, 116] (from the point of view of the new higher-
dimensional theory of complex dimensions). It may be difficult to do so, but there
is no doubt in the author’s mind that all of the classic (deterministic) fractals will
eventually be found to be “fractal” in the above sense or “hyperfractal,” in a sense
to be explained next.

" Added note: In the case of self-similar sprays, the results of [108, 112, 113, 116] now enable one
to recover and significantly extend the results of [91, 92, 104, 105].



Fractal Strings and the Riemann Hypothesis 233

Due in part to the work in [44] on random fractal strings and their complex
dimensions, the notion of fractality was extended as follows (first in [100] and [101,
§13.4.3] and then, in any dimension, in [108-113, 115, 116]). A geometric object is
said to be “fractal” if it has at least one nonreal complex dimension with a positive
real part (as above) or else if it is “hyperfractal”; i.e., if the associated fractal zeta
function has a natural boundary along some suitable contour in C (a “screen,” in
the sense of [101, §5.3]). We note that the term “hyperfractal” was introduced in
[108-113, 115, 116], in this context.

Therefore, a “hyperfractal” is such that the associated fractal zeta function cannot
be meromorphically extended beyond a certain “screen.” Furthermore, in [109—
112, 115, 116] is also introduced the notion of “maximal hyperfractal,” according
to which the corresponding fractal zeta function has a nonremovable singularity
at every point of the critical line of convergence {Re(s) = D}, where D is the
Minkowski dimension of A C RY (or its relative counterpart, in the case of an RFD).
It is then shown in ([109-112] or [116, Chap.4]) using, in particular, countably
many suitable fractal strings assembled in an appropriate way, along with Baker’s
theorem from transcendental number theory [4], that maximally hyperfractal strings
(N = 1), as well as maximally hyperfractal compact subsets and RFDs of R
(for every N > 1) can be explicitly constructed. This construction is completely
deterministic. The author conjectures (building on [44] and [101, §13.4.3]) that for
large classes of random fractals, maximal hyperfractality is an almost sure property.

In closing this remark, we mention that the above definition of fractality cannot
just be applied to standard geometric objects embedded in Euclidean spaces (or,
more generally, in appropriate metric measure spaces) but is also applicable, in
principle, to ‘virtual’ geometries, spectral geometries, dynamical systems, algebraic
and noncommutative geometries (not necessarily consisting of ordinary points; see,
e.g., [19,22]), as well as arithmetic geometries. In fact (along with the proper notion
of zeta function and the associated complex dimensions), it should be used as a
unifying tool between these apparently vastly different domains of mathematics.
This long-term goal has been one of the central motivations of the author (and his
collaborators) in [20, 30, 47, 74-85, 87, 88, 94, 98-101, 104, 116] (particularly, in
[75, 76, 78, 80-82], as well as in the books [79, 99—-101]).

For instance, the author conjectures that there exists a natural fractal-like geo-
metric object whose complex dimensions are precisely the critical (i.e., nontrivial)
zeros of the Riemann zeta function. Furthermore, the essential “shape” of this
object should be understood in terms of a yet to be constructed cohomology theory
associated with the underlying complex dimensions (and the pole of { = {(s) at
s = 1). In particular, connections with Deninger’s work (and conjectures) in [24, 25]
arise naturally in this context. (See, especially, [79, 81, 82], along with [101, §12.3
and §12.4].) Significant progress along those lines has recently been made by the
author in [81, 82].
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7.4 Quantized Number Theory, Spectral Operators
and the Riemann Hypothesis

Formula (1), ¢,(s) = {(s) - {«(s), which connects the spectral zeta function ¢, =
¢y, and the geometric zeta function { & of a fractal string . via the Riemann zeta
function ¢, has the following counterpart, in terms of the spectral and geometric
counting functions of . (see [101, Theorem 1.2]):

N0 =3 Ny (). (45)
n=1

for any x > 0. Note that for a fixed x > 0, only finitely many terms are nonzero
on the right-hand side of (45). However, the number of these terms tends to +o00 as
X — +00.

The (heuristic) spectral operator, at the level of the counting functions, is then
given by the map

oo

g =Ny = No(e) = s (>): (46)

n=1

thatis, N, (g)(x) := Y 2, g(x/n), for all x > 0. It can therefore be thought of as the
map sending the geometry [represented by N ¢, given by Eq. (11)] of a fractal string
£ onto the spectrum (represented by N, = N, ) of a fractal string .Z. Here, as in
the discussion preceding Eq. (13),

Ny(x) = #({f € 0(2) 1 f = x}), (47)

for any x > 0, where 0 (%) = {n- Kj_l :n > 1,j > 1} is the (frequency) spectrum

of Z = ({;)Z,.

Remark 7.23. At an even more fundamental level (that of the “density of geometric

states” 7 1= 221 8¢¢—1; and the “density of spectral states” v := ZfEU(EZJ) 8¢py, see
< ; <

[101, §6.3.1]), the spectral operator can be viewed as the map sending the geometry
(represented by 1) of a fractal string .Z = (E_,-)j?'il onto its spectrum (represented

by v) :

00 o0
1= Db v =v0) = 3 S, @
=1 |

jin=1

where 8,y denotes the Dirac point mass at y > 0 and the “generalized fractal strings”
n and v are viewed as positive (local) measures (or as tempered distributions) on
(0, +00); see [101, §6.3.2]. We also refer to [101, §6.3.1] for explicit formulas
expressing 7 and v in terms of the underlying complex dimensions of ., along
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with [101, Chap. 4] for the notion of generalized fractal string, based on the notion
of local measure from [27, 63, 64] and [116, Appendix A].

Viewed additively (that is, after having made the change of variable x = €', t =
log x, with x > 0 and ¢ € R), the (heuristic) spectral operator, denoted by a, becomes
the following map (where f = f(¢) is a suitable function of the new variable # € R):

f@) = a(f) (@) ==Y f(t—logn). (49)

n=1

As before, let & denote the set of all prime numbers. Then, given any p € &,
the associated (local) Euler factor a,, is given by the operator

f@) > ay(f) = Y_f(t—mlogp). (50)

m=0

The spectral operator a and its (operator-valued) Euler factors a, (with p € &) are
connected via the following (operator-valued) Euler product representation of a:

a)oy =[] &® | . (51)

pEP

with a, = (1 — p~9)7!. Here, we have let 9 = d/dt denote the differentiation
operator (also called the infinitesimal shift of the real line). We have (for any & € R)

(") (1) = f(t—h); (52)

in particular, we have

(™M) = f(t —logn), (53)

so that we should also expect to be able to obtain the following (operator-valued)
Dirichlet series representation of a:

a(f)(r) = (Z n—"’) (@) (54)

n=1

All of these semi-heuristic formulas and definitions are given without proper
mathematical justification in [101, §6.3.2] (and, originally, in [100, §6.3.2] where
the heuristic spectral operator a was first introduced). However, in [49-53], Herichi
and Lapidus have developed a rigorous functional analytic framework within
which (under suitable assumptions) all of these “definitions” and formulas are
properly justified and, among many other results, the reformulation of the Riemann
hypothesis obtained in [87] (see Theorem 6.15 above) can be restated in operator
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theoretic terms; namely, as the “quasi-invertibility” of the spectral operator in all
possible dimensions, except in the midfractal case 1/2.

We refer the interested reader to the forthcoming book [53], titled Quantized
Number Theory, Fractal Strings and the Riemann Hypothesis, for a complete
exposition of the theory. We limit ourselves here to a brief exposition and a few
additional comments.

For each fixed ¢ € R, let H, = L*(R, e 2dr),'? and let 8 = d/dt be the
unbounded (and densely defined) operator acting on the Hilbert space H, via
a(f) = f’, the distributional (or else, the pointwise almost everywhere defined)
derivative of f, for all f in the domain D(0) of 0:

D) :={f € Cups(R) N H, : f € H.}, (56)

where C,s(R) is the space of (locally) absolutely continuous functions on R (see,
e.g., [21, 35, 151]). Then, the infinitesimal shift 0 = 9. is shown in [49, 50, 53] to
be an unbounded normal operator on H, (that is, 3*d = d9*, where 0* denotes the
adjoint of the closed unbounded operator 9; see, e.g., [67] or [152]), with spectrum
0 () = {Re(s) = c}. Furthermore, the associated group {¢™"}h € R is shown to be
the shift group given (for all f € H.,) by (52) while n~? is therefore given by (53).

Moreover, for every ¢ > 1, the quantized (i.e., operator-valued) Euler product
and Dirichlet series representations (51) and (54) of a = a, hold, in the following
strong sense: a = Y oo n 9 and a = Mex(l — p~®)~!, where both the series
and the infinite product converge in Z(H.), the Banach algebra of bounded linear
operators on the Hilbert space H,. (See [52] or [53, Chap. 7].)

In addition, for all f in a suitable dense subspace of D(d) (and hence, of H.), the
spectral operator a = a., now rigorously defined (for every ¢ € R) by the formula
a := ¢(d), is given (for ¢ > 0) by an appropriate operator-valued version of the
classic analytic continuation of the Riemann zeta function { = ¢(s) to the open
half-plane {Re(s) > 0}. Namely, formally, we have

0 n+1
a=1¢0) = 8—;1 + Z / (n=? — )dr. (57)
n=1""

(Compare, for example, with [165, §V1.3] or the proof of Theorem 5.12 above given
in [94].) On this dense subspace, it also coincides with a quantized (and convergent)
version of the Euler product and the Dirichlet series.

?Hence, H, is the complex Hilbert space of (Lebesgue measurable, complex-valued) square
integrable functions with respect to the absolutely continuous measure e~2“dt, and is equipped
with the norm

1/2
]l = ( [ vor e dz) <00 55)

and the associated inner product, denoted by (-, *)..
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Similarly, the global spectral operator o/ := &(d), where, as before, £(s) :=
a2 (s/2) &(s) is the global (or completed) Riemann zeta function, is shown
to be given by an operator-valued (or quantized) version of the standard analytic
continuation of £ = £(s) to the entire complex plane (see, e.g., [174, §2.6] or [79,
§2.4]). Again, we refer the interested reader to [52] or [53, Chap. 7] for the precise
statements and many related results.

We note that the spectral operator a = a,, now defined for any ¢ € R by a :=
£(0), is obtained via the functional calculus for unbounded normal operators (see
[152]); so that, formally, one substitutes the infinitesimal shift d for the complex
variable s in the usual definition of the Riemann zeta function (or, rather, in its
meromorphic continuation to all of C, still denoted by ¢ = £(s), for s € C).

As it turns out, according to the celebrated spectral theorem (for unbounded
normal operators, see [152]), what matters are the values of { = {(s) along the
spectrum ¢ (d) of 0; that is, according to a key result of [49, 53], along

0(3) = cl(t({s € C : Re(s) = c}), (58)

where cf(G) denotes the closure of G € C in C.

We point out that for ¢ = 1, the unique (and simple) pole of {, we must assume
that s # 1 on the right-hand side of (58). Alternatively, one views the meromorphic
function ¢ as a continuous function with values in the Riemann sphere C:=CuU
{oo}, equipped with the standard chordal metric. (We set (1) = co.) Then, even for
¢ = 1, the extended spectrum & (a) of a is given by the right-hand side of (58), but
without the closure, where ¢ (a) := o(a) U{oo} if a is unbounded and 6 (a) := o (a)
if a is bounded; that is, according to [49-53], if ¢ < 1 or if ¢ > 1, respectively.

One therefore sees how the properties of the Riemann zeta function { = {(s)
(for example, its range along the vertical line {Re(s) = 1} or the existence of a
pole at s = 1) are reflected in the properties of the spectral operator a = ¢{(d) (for
example, whether or not a is bounded or invertible or, equivalently, whether or not
its spectrum o (a) is compact or does not contain the origin, respectively).

Formula (58) for o (a) follows from a suitable version of the spectral mapping
theorem (SMT) for unbounded normal operators (see [53, Appendix E]) according
to which 6(£(9)) = c€(¢(a(9))\{1}) or, equivalently, 5 (¢(d)) = ¢(0(d)) (where
in the latter formula, ¢ is viewed as a continuous C-valued function, as explained
above). Note that for ¢ # 1, we have that 1 ¢ ¢ (), so that { = {(s) is holomorphic
and hence, continuous along ¢(d) = {Re(s) = c}, whereas for ¢ = 1, ¢ = {(s)
is meromorphic but has a singularity (more specifically, a simple pole) ats = 1 €
0(d). Consequently, we can use the continuous (resp., meromorphic) version of
SMT (stated and proved in [53, Appendix E]) in order to deduce that when ¢ # 1
(resp., ¢ = 1), the identity (58) (resp., the counterpart of (58) when ¢ = 1) holds.

Next, given T > 0, one defines (still via the functional calculus for unbounded
normal operators) a truncated infinitesimal shift 90 = 9" (say, 37 = o1 (9),
where @I is a suitable cut-off function), so that (again by the aforementioned
SMT), 6(d™) = [c — iT,c + iT], where ¢ € R and i := +/—1. (We refer
to [49, 50, 53] for the precise definitions; see also Remark 7.24 just below.)
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Then, letting a(”) := ¢(0™), we obtain the truncated spectral operator a™ = o,

We say that the spectral operator a is quasi-invertible if each of its truncations a(”
is invertible (in the usual sense, for bounded operators), for every 7' > 0. (Note that
the normal operator ") is bounded since its spectrum is compact.)

Remark 7.24. For ¢ # 1, the cut-off function ¢ : (d) = {Re(s) = ¢} — C
is assumed to satisfy the following two conditions: (i) ¢ is continuous and, in
addition, (ii) c€(¢” ({Re(s) = c})) = [c —iT.c + iT]). For ¢ = 1, we replace (i)
by (i) : @™ has a (necessarily unique) meromorphic continuation to a connected
open neighborhood of {Re(s) = 1}. (Then, condition (i’) and (ii) imply that (i) also
holds.) Consequently, when ¢ # 1 (resp., ¢ =1), one can use the continuous (resp.,
meromorphic) version of the SMT (see [53, Appendix E]) in order to deduce that

a(@) = a(p"(3)) (59)
= cl(@P({Re(s) = c})) = [c —iT, ¢ + iT],
and especially, that
a(@") = a (@™ (60)
= cl(§(0(@M))) = cl(&([c — iT,c +iT))),

where for ¢ = 1, one should remove {1} from ¢(3")) = [c — iT,c + iT] in the
last two equalities of (60), while when ¢ # 1, (60) takes the following simpler form
(since then, ¢ is continuous along the vertical line segment [c — iT, ¢ + iT)):

o@Dy = ¢([c—iT, c + iT)). (61)

When ¢ = 1, (61) can be replaced by the following identity, which is equivalent
to (60) interpreted as above (since {(1) = {oco} and {(s) # oo foralls € C,s # 1) :

(@) :=o(aM) U {oo} = ¢([1 —iT, 1 +iT)). (62)

where (as in an earlier comment) the meromorphic function ¢ should be viewed
as a C-valued continuous function in the right-hand side of (62) and where &(a")
denotes the extended spectrum of a®.

The full strength of the definition given in the following remark will be needed
when we discuss Theorem 7.29 below. This definition and the accompanying
property is also used in the statement and the proof of Theorem 7.26 (and hence,
of Theorem 7.27 as well).

Remark 7.25. A possibly unbounded linear operator L : D(L) € H — H on a
Hilbert space H, with domain D(L), is said to be invertible if it is a bijection from
D(L) onto H and if its inverse, L', is bounded. (If L is closed, an assumption
which is satisfied by all of the operators considered in this section, then L' is
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automatically bounded, by the closed graph theorem [35, 67, 151].) Furthermore,
essentially by definition of the spectrum, L is invertible if and only if 0 ¢ o (L).
(See, e.g., [67, 147, 152, 158].)

We can now state the counterparts of Theorems 6.14 and 6.15 (the key results
from [87] discussed in Sect. 6 above) in this context. (See Remark 7.28 below.)

Theorem 7.26 (Analog of Theorem 6.14 [50, 53]). Given any c € R, the spectral
operator a = a. is quasi-invertible if and only if { = ((s) does not have any
zeros along the vertical line {Re(s) = c}; i.e., if and only the “c-partial Riemann
hypothesis” is true.

Hence, much as in Corollary 6.16, a;/, is not quasi-invertible (since ¢ has at
least one zero along the critical line {Re(s) = 1/2}).!® Furthermore, a. is quasi-
invertible for every ¢ > 1. Actually, for ¢ > 1, a = a, is invertible (which implies
that it is quasi-invertible) and its inverse is given by a™! = ]_[pe 21— ™), with
the convergence of the infinite product holding in A(H.,); see [52, 53].

Just as Theorem 6.15 is a consequence of Theorem 6.14, the following key result

follows from Theorem 7.26.

Theorem 7.27 (Analog of Theorem 6.15 [50, 53]). The spectral operator is quasi-
invertible for every value of c in (0, 1) other than in the midfractal case when ¢ =
1/2 (or, equivalently, for every ¢ € (0,1/2)) if and only if the Riemann hypothesis
is true.

Remark 7.28. Recall from Sect. 6 that Theorems 6.14 and 6.15 are expressed in
terms of the solvability of the inverse spectral problem (ISP)p, for all fractal strings
of Minkowski dimension D. Here, the role played by the dimension D is now played
by the parameter ¢, while the solvability of (ISP)p is now replaced by the quasi-
invertibility of a.. In a precise sense, c is the analog of D in the present context; this
analogy is based in part on some of the results of [94] which are briefly discussed in
Sect. 3 above (see Theorem 3.3 and the comments following it), provided one thinks
of the functions f = f(¢) as geometric counting functions of fractal strings (modulo
the change of variable x = ¢').

We leave it to the interested reader to state (in the present context) the counterpart
of Theorem 6.17 (about a mathematical phase transition at ¢ = 1/2).

Like Theorem 6.15, Theorem 7.27 is a symmetric criterion for the Riemann
hypothesis (RH). Indeed, in light of the functional equation (28) for { connecting
£ (s) and ¢ (1—s), we can replace the open interval (0, 1/2) by the symmetric interval
(1/2, 1), with respect to 1/2. (See also Eq. (29) above.) In contrast, the author has
recently discovered the following asymmetric criterion for RH, as we now explain.
(See [80].)

3In fact, ¢ has infinitely many zeros along the critical line, according to Hardy’s theorem (see
[29, 174]) but this is irrelevant here. We refer to [50, 53] for a version of Theorem 7.26 for which
this well-known fact actually matters.
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Let b = b, be the nonnegative self-adjoint operator defined by b := aa* = a*a.
Note that b is a nonnegative self-adjoint operator because a is normal (see, e.g.,
[67]) and, like a itself, is unbounded for all ¢ € (0, 1), while it is bounded for all
c > 1 (see [49, 50, 53]). Then, b is invertible (in the sense of possibly unbounded
operators, see Remark 7.25 above) if and only if b is bounded away from zero (i.e.,
if and only if there exists y > 0 such that (bf,f). > y||f||% for all f € D(b)).
Furthermore, b is invertible if and only if a is invertible, which is the case if and
only 0 ¢ o(a) or, equivalently, 0 ¢ o (b).

Theorem 7.29 (An Asymmetric Reformulation of the Riemann Hypothesis
[80]1). The following statements are equivalent:

(i) The Riemann hypothesis is true.

(ii) The spectral operator a is invertible for all ¢ € (0,1/2).
(iii) The self-adjoint operator b is invertible for all ¢ € (0,1/2).
(iv) For each c € (0,1/2), b is bounded away from zero.

We know that in part (iv) of Theorem 7.29, the implicit lower bound y = y. may
vary with ¢ and even tend to 0 as ¢ — (1/2)" or ¢ — 0.

A priori, the phase transition observed at ¢ = 1/2 in Theorem 7.29 just above
is of a very different nature from the one observed in Theorem 6.15 (based on [87],
see also Theorem 6.17) or in Theorem 7.27 (based on [50, 53], see the comment
following Remark 7.28). Indeed, under RH (and, in fact, if and only RH holds, by
Theorem 7.29), we have that, for all ¢ € (0,1/2), o(a) is a closed unbounded
subset of C not containing 0 and hence, a is invertible. This follows from the
expression (58) obtained in [49, 50, 53] for o (a), combined with a conditional result
(by Garunkstis and Steuding; see the proof of Lemma 4 and Proposition 5 in [37])
about the non-universality of ¢ in the left critical strip {0 < Re(s) < 1/2}.

On the other hand, for any ¢ € (1/2,1), we have that 6(a) = C and hence,
that a is not invertible. This follows again from (58), but now combined with the
Bohr—Courant theorem [11] according to which for every ¢ € (1/2, 1), the range of
¢ along any vertical line {Re(s) = c} is dense in C. This latter fact is a consequence
of the universality of ¢ in the right critical strip {1/2 < Re(s) < 1}, as was first
observed and established by Voronin in [177, 178].

Consequently, the (unconditional) universality of the Riemann zeta function ¢ in
the right critical strip {1/2 < Re(s) < 1} and the (conditional) non-universality
of ¢ in the left critical strip {0 < Re(s) < 1/2} are absolutely crucial in order to
understand the mathematical phase transition occurring in the midfractal case when
¢ = 1/2, according to Theorem 7.29, if and only RH holds.

We stress that the universality of £, initially discovered by Voronin in [178] in
the mid-1970s after he extended the Bohr—Courant theorem to jets of { (consisting
of ¢ and its derivatives), in [177], has since been generalized in a number of ways;
see, e.g., the books [66, 117, 171], along with [2, 3, 51, 53, 148, 149, 170] and the
many relevant references therein.

Roughly speaking, the universality theorem, as generalized in [2, 3, 148], states
that given any compact subset K of the right critical strip {1/2 < Re(s) < 1}
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with connected complement in C, every C-valued continuous function on K which
is holomorphic and nowhere vanishing on the interior of K can be uniformly
approximated on K by vertical translates of ¢.

The universality theorem has been extended to a large class of L-functions for
which the GRH is expected to hold; see, e.g., [171] for an exposition, along with
[170] and the relevant appendices of [51, 53]. Accordingly, Theorem 7.29 can be
extended to many L-functions. Similarly, but for different and simpler reasons, after
a suitable modification in the definition of the truncated infinitesimal shift 8™,
Theorems 7.26 and 7.27 (based on [49-51, 53]) can be extended to essentially
all of the L-functions (or arithmetic zeta functions) for which GRH is expected to
hold (independently of whether or not the analog of the universality theorem holds
for those zeta functions); see, e.g., [131, 132, 157], [101, Appendix A] and [79,
Appendices B,C,E].

Moreover, we point out that a counterpart in the present context [that is, for
the spectral operator a = {(d)] of the universality of ¢ is provided in [S1, 53].
Interestingly, the corresponding “quantized universality” then involves the family
of truncated spectral operators {a'”) = £(3)}r.; that is, the complex variable s
is not replaced by the operator d, as one might naively expect, but by the family
of truncated infinitesimal shifts {37 }7- discussed earlier in this section; see [51]
and [53].

In addition, we note that the (conditional) phase transition at ¢ = 1/2 associated
with Theorem 7.29 (and also with Theorem 6.15, from [86, 87], which preceded
the work in [14, 15]; see also its interpretation given in Theorem 6.17, from [75,
76]) is of a very different nature from the one studied by Bost and Connes in [14,
15]. (See also [22, §V.11].) Indeed, the latter phase transition has nothing to do
with the universality or with the critical zeros of ¢ but instead, is merely connected
with the pole of ¢(s) at s = 1.'* However, it is natural to wonder whether the
conditional phase transition occurring at ¢ = 1/2 in Theorem 7.29 (if and only if
RH holds) can be interpreted physically and mathematically (as in [14, 15]) as some
kind of “symmetry breaking” associated with a suitable physical model (in quantum
statistical physics or quantum field theory, for example) as well as corresponding to
a change in the nature of an appropriate symmetry group yet to be attached to the
present situation.

Remark 7.30. Itis also natural to wonder what is the inverse of the spectral operator,
when 0 < ¢ < 1/2 and assuming that RH holds. Naturally, according to the
functional calculus, we must have a=' = (1/¢)(d), even if a~! is not bounded (i.e.,
evenif D(a™") # H or equivalently, if R(a) # H.,, where R(a) denotes the range of
a). We conjecture that under RH, we have for all ¢ € (0,1/2) and all f € D(a™') =

He. a7'(f) = Y2, w(mn(f). so that a™ (1)(1) = Y52, u(n)f (¢ — logn). both

14 A similar phase transition (or “symmetry breaking”) is observed at ¢ = 1, as is discussed in [49—
51, 53], since a is bounded and invertible for ¢ > 1, unbounded and not invertible for 1/2 < ¢ < 1,
while, likewise, o (a) is a compact subset of C not containing the origin for ¢ > 1 and o (a) = C s
unbounded and contains the originif 1/2 < ¢ < 1.
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for a.e. r € R and as an identity between functions in H,.. (Here, © = u(n) denotes
the classic Mobius function, given by u(n) = 1 or —1, respectively, if n > 2 is a
square-free integer that is a product of an even or odd number of distinct primes,
respectively, and u(n) = 0 otherwise; see, e.g., [29] or [174].) Observe that if that
were the case, then “quantized Dirichlet series” would behave very differently from
ordinary (complex-valued) Dirichlet series. In particular, the quantized Riemann
zeta function a = ¢(d) would be rather different from its classic counterpart, the
ordinary Riemann zeta function, { = {(s) (where s € C). Indeed, as is well known,
even if the Riemann hypothesis is true, the series Y .-, 4(n) n™* cannot converge
for any value of s := 5o with 0 < Re(sg) < 1/2. Otherwise, it would follow from
the standard properties of (numerical) Dirichlet series and the Mobius inversion
formula (see, e.g., [29]) that the sum of the series Y v, u(n)n™* would have to
be holomorphic and to coincide with (1/¢)(s) in the half-plane {Re(s) > Re(so)},
which is, of course, impossible because the meromorphic function 1/¢ must have
a pole at every zero of ¢ along the critical line {Re(s) = 1/2} (of which there are
infinitely many).

We close this discussion by a final comment related to the operator b (appearing in
the statement of parts (iii) and (iv) of Theorem 7.29) and to the possible origin of
the (conditional) phase transition occurring in the midfractal case ¢ = 1/2.

Remark 7.31. The nonnegative self-adjoint operator b = aa* = a*a is given by
the following formula:

(1) =¢Q2e) D f (r— log S) o, (63)

(kn)=1

where the sum is taken over all pairs of integers k,n > 1 without common factor.
The appearance of the terms n~2¢ (for n > 1) and of the factor {(2c) are very
interesting features of this formula (which first appeared in [100, 101, §6.3.2]
without formal justification). A priori, the above formula was derived (in [52, 53],
motivated in part by the new result of [80] described in Theorem 7.29 above) by
assuming that ¢ > 1. However, the series Y oo, n~* is convergent for ¢ > 1/2 and
the term {(2c) is singular only at ¢ = 1/2, due to the pole of {(s) at s = 1. This
may shed new light on the origin of the phase transition occurring at ¢ = 1/2 in the
statement of Theorem 7.29.

Given the reformulation of the Riemann hypothesis provided above in terms of
the invertibility of the spectral operator b = b., where b = a*a = aa* (see
the equivalence of (i), (iii), and (iv) in Theorem 7.29), it is tempting to extend
formula (63) to a suitable class € of “test functions” f = f(f) (technically, a
“core” for the operator b, that is, a dense subspace of D(b) in the Hilbert graph
norm |||f|[lc := (|IfII? + ||6f11?)'/?) so that it becomes valid for all ¢ € (0, 1/2).
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More specifically, for each ¢ € (0, 1/2), we would like to show that there exists a
constant y = y,. > 0 (which may depend on the parameter ¢) such that

[16f1le = yIIf1le, (64)

for all f € 4. (Compare with part (iv) of Theorem 7.29 above as well as with the
comments preceding the statement of Theorem 7.29.)

In light of the new asymmetric criterion for RH obtained in [80] (see Theo-
rem 7.29 and, especially, the equivalence of (i) and (iv) in Theorem 7.29), this
conjectured inequality (64) would imply (in fact, would be equivalent to) the
Riemann hypothesis. Thus far, however, the author has only been able to verify
it for a certain class of test functions, unfortunately not yet large enough to fulfill
the required conditions.

A last comment is in order.

Remark 7.32. In two works in preparation [81, 82], the author explores some of the
applications of this new formalism (“quantized number theory” from [49-53, 80]) to
potentially reformulating the Weyl conjectures (for curves and higher-dimensional
varieties over finite fields or, equivalently, for function ﬁelds),15 as well as for
constructing generalized Polya—Hilbert operators'® with spectra the Riemann zeros
or, in fact, the zeros (and the poles) of general L-functions. For this purpose,
Lapidus has introduced a related but different formalism, in [81, 82] associated
with harmonic analysis and operator theory in weighted Bergman spaces of analytic
functions (see, e.g., [, 48]).!7 On the one hand, this new functional analytic
framework offers greater flexibility and ease of use, since it only involves bounded
operators, albeit of an unusual nature. On the other hand, the framework (from [49—
53, 80]) discussed in this section presents the significant advantage, in particular, of
naturally parametrizing the critical strip 0 < Re(s) < 1 by means of the dimension
parameter ¢ € (0,1). Only future research on both approaches will help us to
eventually determine whether one formalism should be preferred to the other one,
or as is more likely to happen, whether both formalisms should be used in order to
further develop different aspects of quantized number theory.
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Sums of Two Squares in Short Intervals

James Maynard

Dedicated to Helmut Maier on the occasion of his 60th birthday
Abstract We show that there are short intervals [x,x + y] containing > y'/1°
numbers expressible as the sum of two squares, which is many more than the average
when y = o((log x)*/°). We obtain similar results for sums of two squares in short
arithmetic progressions.

1 Introduction

Let X be large and y € (0, X]. The prime number theorem shows that on average for
x € [X, 2X] we have

7(x+y) —nw(x) =~ @. (1)

The approximation (1) is known ([10], improving on [12]) to hold in the sense of
asymptotic equivalence for all x € [X,2X] provided that X7/'> < y < X, whilst
the celebrated result of Maier [13] shows that (1) does not hold in the sense of
asymptotic equivalence for all x € [X,2X] when y is of size (log X)*, for any fixed
A > 0. He showed that for y = (log X)*, there exists x € [X, 2X] such that

x4y -7 > (1+ &)é )

for a positive constant §4 depending only on A (and he also obtained similar results
for intervals containing fewer than the average number of primes).
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It is trivial that in the range y < log X, (1) cannot hold in the sense of asymptotic
equivalence, and the extent to which this approximation fails is closely related to the
study of gaps between primes. Maier and Stewart [15] combined the Erdés—Rankin
construction for large gaps between primes with the work of Maier to get show
the existence of intervals containing significantly fewer primes than the average. It
follows from the recent advances in the study of small gaps between primes ([16,
18, 21] and unpublished work of Tao) that there are also short intervals containing
significantly more primes than the average.

The situation is similar for the set . of integers representable by the sum of two
squares. Hooley [11] has shown that for almost all x € [X, 2X] one has

Gy Gy
—_— < Y k=, 3)
log X ne.Nx,x+yl log X

provided y/+/logX — oo (here & > 0 is an absolute constant so that the above
sum is (1 4 0(1))&y/+/log X on average over x € [X, 2X]).

By adapting Maier’s method, Balog and Wooley [1] showed that for any fixed
A > 0andy = (log X)*, there exists §, > 0 and an x € [X, 2X] such that

Sy
Yooz (48—, )
n€S Nx,x+y] 10g X

and so Hooley’s result cannot be strengthened to an asymptotic which holds for all
x € [X,2X] when y is of size (logx)*.

As a result of the “GPY sieve”, Graham, Goldston, Pintz and Yildirim [6] have
shown that for any fixed m there exists x € [X, 2X] such that [x, x + O,,(1)] contains
m numbers which are the product of two primes = 1 (mod 4), and so m elements of
. By modifying the GPY sieve to find short intervals containing many elements
of ./, we show the existence of intervals [x,x + y] containing a higher order of
magnitude than the average number when y is of size o((logX)*°). Thus in this
range we see that the upper bound in Hooley’s result cannot hold for all x € [X, 2X].
(It is a classical result that the lower bound cannot hold for all x in such a range; the
strongest such result is due to Richards [20] who has shown there exists x € [X, 2X]
such that there are no integers n € .¢ in an interval [x, x + O(log x)].)

2 Intervals with Many Primes or Sums of Two Squares

Let the function g : (0, 00) — R be defined by

8(t) = supe’w(u), ©)

u=>t
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where y is the Euler constant and w(u) is the Buchstab function.! Clearly g is
decreasing, and it is known that g(¢) > 1 for all # > 0.

We first recall the current state of knowledge regarding short intervals and short
arithmetic progressions containing unusually many primes

Theorem 2.1. Fix ¢ > 0. There is a constant co(€) > 0 such that we have the
following:

1. Let X,y satisfy co(€) < y < X. Then there exist at least X'~'/1°21°¢X yalyes
x € [X, 2X] such that

logy (logx)(logy)y "y
n(x—i—y)—n(x)z(g(l—)—e—i-c ) .
oglogx y log x

2. Fixa € N, and let Q, x satisfy co(€) < Q < x/2. Then there exist at least
Q'~1/10eloeC yalyes g € [Q,20] such that

logx/q ) et c(logx)(logx/q)) x
loglog x x/q ¢(q)logx’

3. Let q,x satisfy co(€) < q < x/2, and let q have no prime factors less than
log x/ loglog x. Then there exist at least g~/ 1°¢81°24 jntegers a € [1, q] such that

m(x;q,a) > (g(

logx/q ) iy +C(10gX)(10gx/q)) x

n(x;q,a) = (g(loglogx x/q ¢(g) logx

Here ¢ > 0 is an absolute constant.

We do not claim Theorem 2.1 is new; all the statements of Theorem 2.1 follow
immediately from the work [5, 13] and [16].

When the number of integers in the short interval or arithmetic progression is
large compared with log xlog log x, the first terms in parentheses dominate the right-
hand sides, and we obtain the results of Maier [13] and Friedlander and Granville [5]
that there are many intervals and arithmetic progressions which contain more than
the average number of primes by a constant factor. When the number of integers is
small compared with log x log log x, the final terms dominate, and we see that there
are many intervals and arithmetic progressions which contain a number of primes
which is a higher order of magnitude than the average number.

Part 3 of Theorem 2.1 is one of the key ingredients in recent work of the
author on large gaps between primes [17]. The previous best lower bound for the
largest gaps between consecutive primes bounded by x was due to Pintz [19] who
explicitly indicated that one obstruction to improving his work was the inability of
previous techniques to show the existence of many primes in such a short arithmetic

"The Buchstab function w(u) is defined by the delay-differential equation

a
oW =u"! 0<u<?), 8714(“(0(”)) =ow—1 w=2).
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progression with prime modulus (this issue was also clear in the key work of
Maier and Pomerance [14] on this problem). The independent improvement on this
bound by Ford, Green, Konyagin and Tao [3] used the Green—Tao technology to
show there are many primes ¢ for which there were many primes in an arithmetic
progression modulo g, although it appears this approach does not give improvements
to Theorem 2.1.

The aim of this paper is to establish an analogous statement to Theorem 2.1 for
the set . of numbers representable as the sum of two squares. We first require some
notation. We define the counting functions S(x) and S(x; g, a), the constant & and
the multiplicative function ¢ »~ by

Sx)=#n<x:ne./}, ©6)
Sx;g,a) =#Hn<x:ne . ,n=a (mod q)}, @)
1 1\-1/2
e=— J] (1-35 , (8)
\/_pE3 (mod 4)< p2)
P°, p=1 (mod 4),
e+1 _
P /(p+1), p=3 (mod4),
ey 9
¢ (p°) 21 b= 2andes 2. )]
2, p¢=2.

With this notation, the average number S(x + y) — S(x) of elements of .# in a short
interval [x, x + y] is ~ &y//log x and the average number S(x; ¢, a) of elements of
. in the arithmetic progression a (mod ¢q) for (a¢,q) = 1 anda = 1 (mod (4, q))
which are less than x is ~ Gx/(¢.»(q)+/log x).

Finally, we let F' be the sieve function occurring in the upper bound half
dimensional sieve, that is the function defined by the delay-differential equations

v/2 1

F(s) = YRGS for0 <s <2, (s'2F(s)) = Es_l/zf(s —1)fors > 2,
1

f(s)=0for0 <s =<1, (s'*f(s)) = Es_l/zF(s— 1) for s > 1.

(10)
Itis known that 1 < F(s) <14 O(e™) forall s > 0.

Theorem 2.2. Fix € > 0, and let . denote the set of integers representable as the
sum of two squares. There is a constant co(€) > 0 such that we have the following:

1. Let X,y satisfy co(€) <y < X. Then there exists at least X'~'/1021°¢X yqlyes
x € [X, 2X] such that

log y )_6 C(IOgX)1/2> Sy

SE+y) =S® = (F(loglogx yo/10J (logx)1/2"
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2. Fixa € ., and let Q, x satisfy co(€) < Q < x/2. Then there exists at least
Q' ~logloe @ yuiyes g € [Q,20] such that

logx/q ) (logx)l/z) Gx
loglog x (x/q)°1° /) ¢.7(q)(logx)'/2"
3. Let q,x satisfy co(€) < q < x/2, and let q have no prime factors less than

logx/ loglogx. Then there exists at least g ~'/1°¢124 jntegers a € [1,q| such
that

Steig.a) = (F(

1 1 12
ogx/q)_€+c(ogx) ) Gx

600 = (F(j1ogrx /27 ) 4 @0z

Here ¢ > 0 is an absolute constant.

Theorem 2.2 is our equivalent of Theorem 2.1 for numbers expressible as the sum
of two squares. When the number of integers in the short interval or arithmetic
progression is large compared with (logx)>°, we find that there more than the
average number of integers representable as the sum of two square, which is a result
of Balog and Wooley [1], based on Maier’s method. When the number of integers
is small compared with (logx)*/°, then the number of integers representable as the
sum of two squares is of a higher order of magnitude than the average. We note that
unlike Theorem 2.1, Theorem 2.2 improves on the Maier matrix bounds in a range
beyond the trivial region by a full positive power of log x.

The constant 9/10 appearing in the exponent in the denominators of the final
terms of Theorem 2.2 is certainly not optimal; with slightly more effort, one could
certainly improve this. We satisfy ourselves with a weaker bound for simplicity here,
the key point of interest being one can obtain a constant less than 1, and so there are
intervals of length considerably larger than the average gap between elements of .
which contain a higher order of magnitude than the average number of elements.

Analogously to the work of Granville and Soundararajan [8], we believe the
phenomenon of significant failures of equidistribution in short intervals should hold
in rather more general “arithmetic sequences” which are strongly equidistributed
in arithmetic progressions (in the sense of a weak Bombieri—Vinogradov type
theorem). We hope to return to this in a future paper.

3 Overview

We give a rough overview of the methods, emphasizing the similarities between
Maier’s matrix method and the GPY method. For simplicity we concentrate on the
case when we are looking for primes in short intervals; the arguments for arithmetic
progressions are similar, and when looking for sums of two squares one wishes to
“sieve out” only primes congruent to 3 (mod 4).
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We estimate a weighted average of the number of primes in a short interval, and
wish to show that this weighted average is larger than what one would obtain if the
primes were evenly distributed. More specifically, we consider the ratio

. h
( Z #{ppnmee [n,n~|—h]}wn)/( Zx@wn), (11)

X<n<2X X<n<2.

where w, are some non-negative weights chosen to be large when the interval [r, n+
h] contains many numbers with no small prime factors, and small otherwise.

If the ratio (11) is greater than some constant cy, then it is clear that there must
be at least one n € [X,2X] such that [n,n + h] contains at least coh/ logx primes
(i.e. ¢ times the average number). Thus we aim to choose w,, to make this ratio as
large as possible.

In the range h = o(logX), we choose the weights w, to be concentrated on
integers n such that the interval [n,n + h] only? contains numbers with no small
prime factors.® To achieve this we choose w, to mimic weights of Selberg’s A2-
sieve

Wa A ( 3 . dh)z, (12)

where A4, 4, are real numbers chosen later to optimize the final result.

In the range i ~ (logx)* for some constant A > 1 it is unavoidable that a large
number of elements of [r, n + h] will have small prime factors, and so we require a
slightly different choice of the weights w,. Instead we observe that if 7 is a multiple
of primes less than z = (logx)*" (where A’ < 1), then the probability that a random
element of [n, n 4 h] is coprime to all these primes fluctuates depending on the size
of A/A/, and can be more than the average for general n. More specifically, we take

o I, n=0 (mod [],..p), (13)
0, otherwise.

The number of elements of [1,n + h] which have no prime factors less than z is
given by

logh -1
#je[lLh:(G.p)=1Vp <z}~ eyw(loi)hl—[p— (14)
ogz/ P

2We ignore the elements of [n,n + k] which are a multiple of some prime p < h, which is
unavoidable.

3Here a “small prime” refers to one bounded by roughly exp(h~' 1M log x).
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for z — oo and z < k!~ (here w is the Buchstab function). Thus, given h we can
choose z so that the number of elements coprime to small primes is larger than the
expected number in a random interval by a factor e’ w(log i/ logz) > 1.

Given this choice of weights, to estimate the numerator in (11) we rewrite the
count of the primes as a sum of the indicator function of the primes, and swap the
order of summation. This gives

h

3 L+ jwa (15)

j=1 X<n<2X

(Here, and throughout this paper, 1., will denote the indicator function of a
set 7, in this case the set P of primes.) Our choice of w, means that we can
estimate this expression using knowledge of the distribution of primes in arithmetic
progressions.* The inner sum vanishes or has a simple asymptotic expression
depending on the arithmetic structure of j. In the case of the Maier weights, this leads
us to (14), which gives our asymptotic for the numerator, and hence the ratio (11).
In the range h = o(log X), we obtain a quadratic form in the coefficients A4, 4,
for the numerator, and similarly a quadratic form for the denominator. We then
make a choice of these A4, 4, Which (approximately) maximizes the ratio of these
quadratic forms.

Remark 3.1. One can heuristically investigate Selberg-sieve weights (12) for larger
h, and (assuming various error terms are negligible) conclude that an approximately
optimal choice of weights A4, 4 should be given by Ay 4 ~ p(d:...dy) if
]_[f;] d; has all of its prime factors less than a small multiple of logx (and 0
otherwise). This corresponds precisely to Maier’s choice of weights (13).

4 Admissible Sets of Linear Functions

The bounds involving the sieve function F in Theorem 2.2 follow from the argument
of Balog and Wooley [1], and by making minor adaptions analogous to the work of
Friedlander—Granville [5]. We sketch such arguments in Sect. 5.

Therefore the main task of this paper is to establish the bounds coming from
the final terms in parentheses of Theorem 2.2. We will do this by an adaptation
of the GPY sieve method. Indeed, we will actually prove a rather stronger result,
given by Theorem 4.3 below, which is roughly analogous to the main theorem of
Maynard [16].

4One needs to be slightly careful about the possible effect of Siegel zeros here, but this is a minor
technical issue.
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To ease notation, we let (P;) denote the set of integers composed only of primes
congruent to 1 (mod 4). Similarly let (P3) those composed of primes congruent to
3 (mod 4).

Definition 4.1 ({P;)-Admissibility). We say a set £ = {L,,..., L} of distinct
linear functions L;(n) = a;n + b; with integer coefficients is (P3)-admissible if for
every prime p = 3 (mod 4) there is an integer n, such that (]_[f{: \Li(ny),p) =1,
and if a;, b; > 0 for all i.

Theorem 4.3. Let x be sufficiently large and k < (logx)'/°. Then there is a prime
po > loglogx such that the following holds.

Let & = {Ly,..., L} be a (P3)-admissible set of linear functions such that the
coefficients of Li(n) = an + b; satisfy 0 < a; < (logx)'/3, (2po.a;) = 1, and
0 < b; < x. There exists an absolute constant C > 0 such that

#{n € [x,2x] : atleast k'?/C of Li(n), ..., Ly(n) are in .} > xexp(—(logx)l/z).

We remark that the conditions k < (log X)'/°, 2 } a;, a; < (logX)'/? and b; < x are
considerably weaker than what our method requires, but simplify some of the later
arguments slightly and are sufficient for our application.

In the region where y, x/Q and x/q are small compared with (logx)>/°, the
bounds in Theorem 2.2 follow easily from Theorem 4.3. For sums of squares in short
intervals, we consider y < (logx)*/°t¢. We take k = y'/°, and let & = {L,, ..., L}
be the (P;)-admissible set of linear functions L;(n) = n + h;, where hy, ..., I
are the first k positive integers in (P;) which are coprime with py. (This is (P3)-
admissible, since L;(0) is coprime to all primes p = 3 (mod 4) for all i.) We note
that /i, < k(log k)'/? < y. It then follows immediately from Theorem 4.3 that there
are > X exp(—(log X)'/?) values of n € [X, 2X] such that > k'/? = y!'/10 of the
Li(n) are in ., and hence > X'~!/1glogX yalyes of x € [X, 2X] such that [x, x + y]
contains at least y'/1° elements of .7.

Parts 2 and 3 of Theorem 2.2 follow analogously, defining k = (x/Q)'/® and
Li(n) = a + hn when Q > x(logx)™>/°~¢ for part 2, and defining k = (x/gq)"/'°
and Li(n) = n + hjg when ¢ > x(logx)~>/°~¢ for part 3. We note that it follows
from Theorem 2.2 that actually there are many intervals [x,x + y] containing >
y'/2(log y)~'/* elements of .# (rather than > y!'/19), for the smaller range 1 < y <
(logx)'/°.

S Irregularities from the Maier Matrix Method

As previously mentioned, the bounds in Theorem 2.2 when y, x/Q or x/q large
compared with (logx)*/° follow from minor adaptions of the argument of Balog
and Wooley [1]. In particular, the relevant bound for part 2 of Theorem 2.2 follows
from the proof of [1, Theorem 1]. We give brief outline of the argument for parts 2
and 3, leaving the details to the interested reader.
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We first consider part 2 of Theorem 2.2. We assume that (logx)*/*~¢ < x/Q <
(log X)°W since otherwise either the result follows from Theorem 4.3, or the result
is trivial. For simplicity we shall assume that a is odd; the case for even a is entirely
analogous. We let P = [],—3 (mod 4) p<, P*» Where o, is the least odd integer such
that p* > a(4x/Q + 1) and z = logx/(log log x)2. We note that P = Q°(1/loglogQ)
Finally, we let 2 = {q € [(1 = 8)Q + 4a,Q + 4a] : ¢ = 4a (mod 4P)} for some
small fixed constant § = §(¢) > 0. We have

ZS(x;q,a)Z Z Zly(aer)

qEL2 r<x/Q—1 q€2

= > > 1o (a(4r + 1) + 4mrP). (16)

r<x/Q—1 me[(1—-38)Q/4P,0/4P]

The inner sum is counting elements of .% in an arithmetic progression to modulus
4rP. We note that by construction of P we must have (P, a) = ¢ for some e € (Ps3)
since a € ., and similarly if the inner sum is non-empty we must have (P, a(4r +
1)) = e2d? since a(4r + 1) + 4mrP € .. Moreover P/(¢*d?) and P are composed
of the same prime factors, since each prime occurs in P with odd multiplicity. Thus,
if r is such that (P, 4r + 1) = 42, the inner sum is

(1 + o(1)) G8rQ/(e*d?) &80 a7
¢ (4rP/(d%e?))/log rQ/d?e?>  2¢.(P) JVIogx
Therefore, letting ud* = 4r + 1, we obtain
Y stig.az LISy, (18)

o) 2¢ . (P)+/logx

d?|P u<(4x/Q+1)/d?
u=1 (mod 4)
(u,P)=1
This double sum is exactly the sum #T which is estimated in [1, Proof of
Lemma 4.3]. In particular, they show that

P log x
Z Z 1 ~ d( )F( g /Q) (19)
P logz
d?|P u<(d4x/Q+1)/d*
u=1 (mod 4)

(u,P)=1

Recalling that 7 = log x/(log log x)?, one arrives at (for § sufficiently small)

] B logx/q _ Gx X
Z(S(x,q,a) (F(log logx) E) ¢y(q)4/logx) > P /logx’ 0

qe2

This implies the relevant bound in part 2 of Theorem 2.2.
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We now consider part 3 of Theorem 2.2. We let P = 1_[,,53 (mod 4) p<z pP» where

B, is the least odd integer such that p#» > 4x/q, and let & = {a € [(1 — §)q,q] :
a = ap (mod P)}. We see that

ZS(x;q,a)Z Z Zly(a‘f"’@

acd r<(x—q)/q a€«

= > > 15 (ay + rg + mP). 1)

r<x/q—1 m€[((1-8)g—ao)/P.(q—a0)/P]

We see the inner sum counts elements of .% in an arithmetic progression modulo
P. We choose ay = ¢g/4 (mod P), so that (ay + rq, P) = (4r + 1, P) since, by
assumption, ¢ has no prime factors in common with P. Thus (4r + 1, P) = d? for
some d € (P3) by the same argument as above, and we obtain

(1+0(1))Séq
Y Seiga) = ————— ) > 1. (22)
ac/ ¢ (P)/logx d?|P u<(4x/q—3)/d*
u=1 (mod 4)

(u,P)=1

Again, using (19), we obtain

) logx/q Gx X
2 (S(x’ 0~ (F(fogrogs) - é)qw(q)@) T rme

a€ol

which implies the relevant bound for part 3.

6 Setup for Theorem 4.3

The improvements of the GPY sieve in the author’s work [16, 18] are not
significant for the application of finding sums of two squares in short intervals (the
improvement would be y°(!) in the final term for part 1 of Theorem 2.2, for example),
and so we will use a uniform version of the simplest GPY sieve.

In order to get a result that applies in the larger range, however, it is necessary
to modify the sieve to the application; a uniform version of the argument in [6] (i.e.
counting numbers with two prime factors both congruent to 1 (mod 4)) would only
give non-trivial results in the region y < (log x)'/? log log x, for example.

We follow a similar argument to [6] (and attempt to keep the notation similar),
but make modifications to allow for uniformity (similar to those in [7] and [16],
although it is simpler in this context) and to specialize so as to remove only primes
congruent to 3 (mod 4) (so we will apply sieves of “dimension” k/2 and (k + 1)/2
instead of dimension k and k + 1).
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In order to state our setup, we require the following lemma.

Lemma 6.1. Let x > 10 and € > 0. There exists a prime py € [(loglogx)/2,x]
such that

Z (S%pl‘n(x q,a)—% < xexp(—co+/logx),
1/2—e @4

<x
q X <x

(g.po)=1

for some absolute constant ¢y > 0.

Proof. This follows from known results on the repulsion of zeros of L-functions.
Following [2, Chap. 28], we have (for a suitable constant ¢ > 0)

Z sup |7(x':q.a )——) < xexp(—c+/logx)
q<x1/2 . (a, q) 1 ¢( )
(gpo=1 =

+ logx Z sup Z* M 24)

g<exp(2c4/log x) ¥=x x (mod g) ¢(LI)
(g:p0)=1

However, by the Landau—Page theorem [2, Chap. 20], we have that if c is sufficiently
small then

3@ 3 W' (. 0| < xexp(—3cy/log) (25)
X

for all g < exp(2c+/logx) and X' < x, except possibly those which are a multiple
of an exceptional modulus ¢;. Such an exceptional modulus must satisfy logx <
g1(log q1)* < x, and must be square-free apart from a factor of at most 4. Taking
po to be the largest prime factor of g; then gives the result. O

Let £ = {Ly,...,L;} be the (P3)-admissible set of Theorem 4.3, py be the prime
given by Lemma 6.1, and let

w= T[] »r (26)
p=2(logX)'/?
p=3 (mod 4)
PF#DPo
It will be convenient to choose w, to be 0 unless n = vy (mod W), where vy
is chosen such that (L;j(vg), W) = 1 for each j. (Such a vy exists by the (P3)-
admissibility of {L,...,L;} and the Chinese Remainder Theorem.) This allows

us to ignore n for which one of the L;(n) has a small prime factor congruent to 3
(mod 4).
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We then define our weights w,, by

2
= ) (Zani s ha) i =0 (mod W), 27)

0, otherwise,

for some coefficients A, (which we will choose explicitly later) satisfying
da =0 ifd>X""or u>(d) =0ord ¢ (P3) or (d,poW) # 1. (28)

We recall that (P;) and (P;) denote the sets of integers composed only of prime
factors p = 1 (mod 4) and p = 3 (mod 4), respectively. Finally, we define the
function v = v.& on primes by

k
v(p) =#{1 <n<p:[[Lin) =0 (mod p)}. (29)

i=1

We note that since {L, ..., L} is (P3)-admissible, v(p) < p for any prime p = 3
(mod 4).

7 Proof of Theorem 4.3

Lemma 7.2. Assume the hypotheses of Theorem 4.3 and that sup, |l <
(log X)*/2. Then

I1 VT(‘D) +0(x1/%).

plde

X
Wy, = — Adhe
> W;d

X<n<2X
n=vy (mod W)

Proof. From the definition of w,,, we have

Yo owe=) Ade Y L (30)
de

X<n<2X , X<n=<2X
n=vy (mod W) n=vy (mod W)

dee| TTizy Lin)

We concentrate on the inner sum. For each prime p;|de, we must have L;(n) = 0
(mod py) for some 1 < i < k, and so n can lie in one of v(p;) residue classes.
Thus, using the Chinese remainder theorem, we can rewrite the inner sum as a sum
of le 40 V(p) sums of 7 in a single residue class (mod W[d, e]), where [d, ¢] is the
least common multiple of d and e (since A, = 0 if (d, W) # 1 or d is not square-
free). The number of integers X < n < 2X counted in any such residue class is then
X/([d, e] W) 4+ O(1). Putting this together gives
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X
dzejxdxe 3 1=§Adke<nv@))(w[d,e]+0(1)). 31)

X<n<2X plde
n=vp (mod W)

d.el [Tz Li(n)

We see that the main term gives the corresponding main term in the statement of the
lemma. Since v(p) < k, the contribution from the error term is

2 [ k2
¢ s1011p|)kd|2( Z Hk) fsgp|kd|2(X1/10dX<:X"Tld)

d<X1/10 pld

< sup |Ag2XA(1 + log X)*. (32)
d

By assumption of the Lemma, k < (log X)'/3 and sup, |A4| < (log X)¥/2, so this
contribution is O(X'/°7¢). O

Lemma 7.3. Assume the hypotheses of Theorem 4.3 and that sup,|l4] <
(log X)*/2. Then

) Xk v(p) -1
Z #{l :Li(n) € Y}wn > W ngAdle 1_[ pT

X<n<2X plde
n=vo (mod W)

+ O(X exp(—c+/log X))

for some absolute constant ¢ > 0.

Proof. We first obtain a lower bound by only counting a subset of #{1 < i <
k : Li(n) € %} which will be more convenient for our manipulations (we lose
an unimportant constant factor in doing this). Let .’ C .¥ be given by

S =ne(P):n=m for some m < X'/3 and some prime p}. (33)
p

We obtain a lower bound by only counting elements of .. This gives

3 #{i : Li(n) € Y}wn = ) #{1 <i<k:Ln) e y’}wn

X<n<2X X<n<2X
n=vg (mod W) n=vo (mod W)
k 2
S DD DI P01 (R D ¥) IR €%
=1 X 2X k .
/ 11Evo<?n§10d W) dlTTi=) Li(w)

By definition, if Lj(n) = an + b; € %, then L;(n) can be written uniquely as
mp for some m < X'/ composed only of primes congruent to 1 (mod 4) and
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with (m,a;) = 1, and some prime p = 1 (mod 4). Making this substitution and
rearranging the sums, we are left to estimate

Xk: >3 Ak > L. (39)

J=1 m<x1/3 de<x!/10 (ajX+bj) /m<p<(2a;X+bj)/m
me(Py) d,e€(P3) p=1 (mod 4)
(m,aj)=1 p= m(a,vo-l—b,) (mod a;W)

[de]|H 1 Li ((pm— bj /aj

For each prime p;|de with p; > (logx)'/3, there are v(p) — 1 possible primitive
residue classes for p (mod p;) such that ]_[f;l Li((mp—1bj)/a;) =0 (mod py). (All
v(p) residue classes for which ]_[i.‘:1 L;(n) = 0 (mod p;) correspond to a primitive
residue class for p except for n = —a;b; (mod p;), and these all exist since a; <
(logX)'* < p; and p; = 3 (mod 4) so p; 4 m.) Thus, by the Chinese remainder
theorem, we can rewrite the inner sum as a sum of ]_[p‘ 2 (v(p) — 1) different sums
of primes in arithmetic progressions to modulus 4a;W le 4P (since 2 4 a;). Thus
the inner sum is

a; ; a; ) ) —
¢(4;,-w> () == (I = :

plde
+o(E(3“f 4aWid, ) [Tk). (36)
plde
where
’ n(x’)
E(x;q) = 1q,a) — , d, el = . 37
(x; q) (u;ﬁl n(x';q,a) 5@ [d, e] [gp (37)

We first consider the error term of (36). Letting r = 4a;W[d, ¢] < X I/4 (noting that
(r.po) = 1) and A4, = sup, |A,/|, this contributes at most

Ml Y. S E (3a’ )1_[3k

m<X1/3 rgx!/4 plr
(rpo)=1
3a;X [1,, 9k*\1/2 34X \\!/2
2 i plr 4.
= 2 (5 X )T X E(55)
m<Xx1/3 r<4Wx1/s r<4Wx1/s

(r.po)=1

1/2 1/2 1
< kk,z,m(ajx(%z—}—log X)9k2) (anexp(—cO 10gX2/3)) > oo 68
m

m<X1/3
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Here we have used Cauchy—Schwarz and the trivial bound E(X, ¢) < X/qforqg < X
in the first line, and Lemma 6.1 in the second. Thus, since k < (logX)'/°, a; <
(logX)'/? and Apex < (log X)¥/? by assumption of the lemma, the contribution
from (38) is O(X exp(— % v/log X)).

We now consider the contribution from the main term of (36). The main term
factorizes, simplifying to

s [ o125 o

mlo
plagpkw P mex1/3 Em plde
me(Py)
(m,aj)=1

The second term is straightforward to evaluate. For > X¢ we have that

-1
PR (T TR | [ a— (40)
n y P
me (<Ptl) p=1 p(‘m/od 4)

(m,a;)=1

and so by partial summation we see that

X+o —1
> 1—() > X(ogx)™ 2 ] P (41)
mextss MO8 m pla; b
me(Py) p=1 (mod 4)

(m.,aj)=1
Noting that the products over prime divisors of a; cancel, this completes the proof
of the lemma. o

Lemma 7.4. Fix A > 0. Let 1/A < k < (logR)'? and let f : [0,1] — R be a
smooth non-negative function. Let y(p) satisfy 0 < y(p) < min(Ak, (1 —1/A)p) for
allp < R, and

1
—L< Z J/(p)ﬂ—/clogz/wa
w<p<z
forall2 <w <z <R. Then

2 )<H yy(p)) (;Z:;)

r<R p|r

(log R)* /1 o kL + k?loglog R
=6 NETAH 1 + Opp| ————— ) ),
") Jo 70 ( * A'f( logR ))
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where

o =T1(1-57)"(1-,)"

P<R p p
Proof. For f = 1, this is a version of [9, Lemma 5.4], with the dependence on «

kept explicit. In particular, this is obtained in the proof of [4, Lemma 5.1]. The case
of f # 1 then follows immediately by partial summation. O

Lemma 7.5. Let k < (logX)'/°, and let Ay be defined by
v(p)
Aa = (d)(l_[ v(p)) Zy (l_r[p— v(p))’

for (d, poW) = 1, where

w(r)?, ifre(Ps), (rnWpy) =1,r< X1/

= 0, otherwise.
Then
Zm 1—[ v(p) Ls k_l/z(logX)l/zw > dare ] ] ”7(”) > 1.
plde d.e plde

Proof. We first note that the y, variables diagonalize the second quadratic form.
Substituting the expression for A, in terms of y, given by then lemma, we obtain

Srl"y R H(l;[,,i—ﬂ’?(,,))(l;lpi(f?m)

plde r.s

< 2 wame([] (p))(nv(m)(nv(p))- “

d.e:d|r.els

The sum over d, e vanishes unless r = s, and so we find that
v(p)
a5 (b Z 1‘[ 43)
d.e plde U(p)

We now introduce new variables y* to perform an analogous diagonalization for the
first quadratic form. Let y* be zero unless r € (P3), (r, Wpo) = 1, r < X'/1% and
v(p) > 1 for all p|r. In this case, let y be given by

= n(r )(]"[p(p) V0N S ([T %) (44)

dirld pld
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We see from this that for any d satisfying the same conditions, we have

s = (16527 Sa(TP) X o)
P

exd|e ple rid|r,rle
B * (p) -
= ( ué)jl)zy’(n;—v@;)‘ “
pld rid|r plr

This gives A4 in terms of y*. Performing the analogous computation to (43) with y*
in place of y,, we obtain

S k] ”g’) =X H;(f)vzp;. 46)
d,e

plde

Substituting the expression for A, in terms of y, from the statement of the lemma
in (44) gives (for r such that y* # 0)

7 =[2G Do) X w15 =)

dirld,d|s

= p(r)’r 47)

Vs
sirls ¢(S)
We can now use Lemma 7.4 and definition of y, from the statement of the lemma
to evaluate this sum. We take y;(p) = 1if p = 3 (mod 4) and (p, rpoW) = 1, and
take y;(p) = 0 otherwise. We see that for any 2 < w < z < X'/1° we have

1 logp yi(p)logp 1
_EZ +0(1) < Z T—Elogz/w«l. (48)

plroW w<z<X1/10
The sum on the left hand side is O(log log X). Thus, by applying Lemma 7.4 to the
sum (47), we have for squarefree r < X'/1° with » € (P3) and (r, Wpy) = 1 and

[1,,(v() — 1) > 0 that

Y1(p)

o tXZ/;O/ 2(t)1;[p—1y1(p)
X1\ 1 loglog X e\l 1\
=m(<wg7> Fo(GEEn) IO )
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Since r, W € (P3) and ¢ (po)/po = 1 + o(1), the product simplifies to give

(r)l_[( Vl(P)) ( _}%)1/2 1+ (U)M H( _lly)x(p)/z’ 50)
p<X

where y is the non-trivial character modulo 4.

We can now evaluate both of the expressions (43) and (46) using Lemma 7.4.
For (43), we take y,(p) = v(p) if p = 3 (mod 4) and (p, Wpy) = 1, and y2(p) =0
otherwise. We see that

k lo lo k
_z ) ogr L oy = ) 2(p) gp_zlogv%<< LsD
PlpoW [1i;(aibj—bja;) w<p<z

Thus, we obtain (with k = k/2 and L < kloglogX)

> v(p)
2 =0

r<x1/10 plr
( 1/10)t/2 2loel e )
= ;'(')(ng—l-k/Z) (HO(%))IE(I_%) l(1—%)“. (52)

Similarly, for (46) we take y;(p) = (v(p) — Dp/(p — 1) for p = 3 (mod 4) and
(p, Wpy) = 1, and take y3(p) = 0 otherwise. We obtain (with k = (k — 1)/2 and
L < kloglogX)

Z Wi (r) (log X + O(log logX)) 1_[ v3

r<X1/10 p\r

( 1/10)% 2 () - k=1
- —I{O(iir 373 (1 +0(%))L{((1—%) l(1—})) . (53)

1/10

(p)
= 73(p)

We note that if y3(p) # 0, then 1 — y3(p)/p = (1 — y2(p)/p)(1 — 1/p)~". Thus,
since W € (P3) and ¢ (po)/po = 1 + o(1), we have

k=x(p)

)\ 5 )\ g
M0-22)"(- )7 ~ s 1022 -

p p p

Putting the estimates (49), (50), (52)—(54) together, we obtain

Z(Y )21—[ v(p) — (p) ¢ (1 +k/2)(log X' /1)1 (1 . l)x(p)/Z

WEG/2(k+3)/2) AU )

v(p)
55
Z H ey (55)
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Stirling’s formula shows that I"(x) ~ +/2mxx‘e™, and so for k sufficiently large
I'(14+k/2)/T ((k+3)/2) > k~'/2. Since the product over primes is convergent as
X — oo, this gives

Z(v >21_IV(p) vy ¢() ‘/z(logXWzZ H (p<p> o

Finally, from (52) and £ < (log X)l/ 5 it follows that we have the crude bound that
this is > 1. O

Lemma 7.6. Let k < (logX)'/° and Ay be as given by Lemma 7.5. Then
|Aal < (logX)¥/2.
Proof. This is an immediate application of Lemma 7.4. We take y4(p) = v(p) if

p = 3 (mod 4) and (p,dWpy) = 1, and y4(p) = O otherwise. By Lemma 7.4
(taking k = k/2 and L < kloglog X) we have

ml=(I1=5) X woll= v(,,)

pld r<x'/19/4 plr
(r,dWpo)=1
r€(P3)
log X)*/2 v -1 -1 1\ k/2
< (log X) 1—[(1_ (p)) l—[(l_w(p)) (1__)
I'(1+k/2) old p ) p p

log X)*/? k! 1\ /2 1\k/2
<irgw I1 (=070-)" 11 ()"
(log X)' 3 <p<X P P (logX)' 3 <p<X p
p=3 (mod 4) p=1 (mod 4)

(57)
Recalling that k < (log X)'/°, we see that this is

log X)/2 k 1+0(p Y &k 1+ 0@p™!
F((lg+ l/z) e""(" 2 p(p )2 2 p(p )>
(logX)!3<p<x (logX)3<p<x
p=3 (mod 4) p=1 (mod 4)
& exp(0(k))k™?(log X)¥? « (log X)¥/2. (58)
O

Proof (Proof of Theorem 4.3). By Lemmas 7.5 and 7.6, there is a choice of
coefficients A4 such that |1,] < (log X)¥/? and

(P) —1/2 1/2‘15(”)
Aahe X Adhe
Z d l_[ Lk (log X) > ]_[ . ) > 1.

plde d.e plde
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Thus, by Lemmas 7.2 and 7.3, this choice of A, corresponds to a choice of w, > 0
such that

. - 1/2
3 #{1515k.L,(n)e5ﬂ}wn >k Yoo e
X<n<2X X<n<2X
n=vg (mod W) n=vy (mod W)
(59)
Lemma 7.6 shows |A4] < (log X)¥/2, so we have
2
W & (logX)k( 3 1) . (60)
dIT]Li(n)
AaF#0

Thus

4
> ow<tog* Y ([Te@w) > 1

X=<n=<2X di dyd3,ds<X1/10 i=1 X<n<2X
dy.dy.d3.da] TTi= Li(n)

4
<xtopx? Y ([Tw@) 1 5

dy,do,d3,dy<X1/10 =1 pldidadds
15k%)"")
< X(logX)* 3" (L X(log x)'%. ©1)
r
r<X2/5

By Cauchy—Schwarz, we have that

#{n e [X,2X] - #{Li(n), ..., Li(n)} N .7 > ck'/?}
> (k“ 3 (#{i CLi(n) € .7} — ckl/z)wn>2( 3 wﬁ)_l, (62)
ne[X.2x] n€[X,2x]

provided the sum being squared is positive. Therefore, by (59) and (61), we see that
for c sufficiently small we have

#{n € [X,2X] : #{L(n),.... Lin)y N~ > ck'/*}

2
> W( 3 (#{i :Li(n) € y}wn - ckl/z)wn)

n€X,2X]
n=vy (mod W)

- - _ 1/2
> W2 (log X) 160 +2 > Xexp(—(logX) /7). (63)

Here we have used the fact that k < (logX)'/®> and W < exp((log X)?/°) in the last
line. This completes the proof of Theorem 4.3. O
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Infinite Sumsets with Many Representations

Melvyn B. Nathanson

To Helmut Maier on his 60th birthday

Abstract Let A be an infinite set of nonnegative integers. For 1 > 2, let hA be the
set of all sums of & not necessarily distinct elements of A. Suppose that £ > 2, and
that every sufficiently large integer in the sumset #A has at least £ representations.
If £ = 2, then A(x) > (logx/ log h) — wy, where A(x) counts the number of integers
a € A such that 1 < a < x. Lower bounds for A(x) are also obtained for £ > 3.

1 Representation Functions of Sumsets

Let A be a set of integers and let # > 2 be an integer. The counting function A(x)
counts the number of positive integers in the set A that do not exceed x. The A-fold
sumset hA is the set of all integers n that can be written as sums of /& not necessarily
distinct elements of A. For every integer n, the representation function r4 j,(n) counts
the number of h-tuples (a;, az, ..., a;) € A" such that

ag <@ <= a

and
ay+ay+---+a, =n.

A Sidon set is a set A of nonnegative integers such that every element in the
sumset 2A has a unique representation, that is, r42(n) = 1 for all n € 2A. More
generally, for positive integers & and s, a By s-set is a set A of nonnegative integers
such that ry ;(n) < s for all n € hA. Sets whose sumsets have few representations
have been studied intensively (cf. Halberstam—Roth [2], O’Bryant [4]).
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In this paper we consider sets whose /s-fold sumsets have many representations.
A basic result is that if # > 2 and A is an infinite set of nonnegative integers with
ra.n(n) > 2 for all sufficiently large integers n € hA, then

A(x) > logx.
In the special case h = 2, Balasubramanian and Prakesh [1] proved that there is a

number ¢ > 0 such that, if A is an infinite set of nonnegative integers with r4 »(n) >
2 for all sufficiently large integers n € 2A, then

| 2
Ax) > ¢ ( 08X )
loglogx

for x > x¢. This improved the previous result of Nicolas et al. [3], who also proved
the existence of an infinite set A of nonnegative integers with r4,(n) > 2 for all
sufficiently large integers n € 2A such that

A(x) < (logx)>.

It is an open problem to extend these results to s-fold sumsets for 4 > 3.

2  Growth of Sets with Many Representations

Let [u, v) denote the interval of integers i such that u < i < v. Let |X| denote the
cardinality of the set X.

Theorem 2.1. Let h > 2 be an integer, and let A be an infinite set of nonnegative
integers. If rap(n) > 2 for all sufficiently large integers n € hA, then there is a
positive number kg = ko(A) such that

log x
AQ) > @ — ko
forall x > h.
Proof. For every positive integer k, let
I = [hkq’hk)
and
Ay =ANI.

The sets {A; : k = 1,2, ...} partition A \ {0}.
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There exists a positive integer ny such that, if n > ny and n € hA, then r4 ,(n) >
2. Because A is infinite, there exists ay € A with hag > ny. Choose ky such that
ap € Ako~
Suppose that k > ko and A; # 0. Let
a; = max(Ay).
Then
W <af < i
and

AN[af + 1,0 = 0.

Consider the integer

ha} € hA.
Because af > ay, we have hay > hay > no, and so r4 ,(ha}) > 2. It follows that
the set A contains nonnegative integers a, . . . , a, such that
ay < ay, (1)
ag<ay=<---Za 2
and

aj+ay+--+a, = hay.
Because A is a set of nonnegative integers, we have
ap < hay.

Inequalities (1) and (2) imply that

hai =ay+ay + -+ a < hay,
and so

a,’: <ap < ha,’(k < WL

Therefore,

a,f+1§ah<hk+1.
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Equivalently,
ap € [af + LK) = [af + 1.AY) U A4
The maximality of a; implies that A N [al’;< + 1, hk) =@,andsoa, € Ay # 0. It
follows by induction that A; # @ for all k > k.
Let x > h, and choose the positive integer ¢ such that

W <x< KT

Because
o0
A\{0} = A
k=1

it follows that

log x
logh

Ax)=A(W)=t—(ko—1) > — ko

for all x > h. This completes the proof.

Theorem 2.2. Let £ > 3 be an integer, and let A be an infinite set of nonnegative
integers. If rao(n) > £ for all sufficiently large integers n € 2A, then there is a
positive number ki = ki (A) such that

-1l
(t—Dlogx

log2 :

Ax) >
forall x > 2.
Proof. For every positive integer k, let
I =[271.2%)
and
Ay =ANI.

The sets {A; : k = 1,2, ...} partition A \ {0}.

There exists a positive integer ng such thatif n > ny and n € 24, then ry 5 (n) > £.
Because A is infinite, there exists agp € A with 2ay9 > ng. Choose ky such that
ap € Ako-

Suppose that k > ko and A, # @. Let

a; = max(Ay).
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Then
2 <af <2
and
AN[af +1,2% =0.
Consider the integer
2a; € 2A.

Because af > ag, we have 2a; > 2ap > no, and so r45(2a;) > £. It follows that
the set A contains a subset

{a;j:i=1,2andj=1,...,.£—1}
such that, forj = 1,2,...,£ — 1, we have
ajg <ajp << apy—1 <ap <ay—) <--<ap<day
and
aij+ ar; = 2ay.
Moreover, a;; > 0 implies that
a; < 2(1;:

forj=1,2,...,£—1.
Because 0 < a;; < ayj, we have

*
2a; = a1j + arj < 2az
and so
* * k+1
a; <ayj <2a; <277,
Therefore,

* k+1
a;, +1<ay; <277,
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Equivalently,

a; € [aZ + 1,2k+1) = [a,f + 1,2") UAk+1
forj =1,2,...,0 — 1. Because A N [af + 1,2") = @, we see that ay; € Ay for
j=1,2,...,€£—1,and so |[Ay+1| > £ — 1. It follows by induction that [A;| > £ — 1

forall k > ko + 1.
Let x > 2, and choose the positive integer ¢ such that

2 < x < 2L

Because
o0
A\ {0} = A
k=1

it follows that
Ax) 2 AQ2) = (£ = 1)(t — ko)

> (-1 (i2 -k - 1)

_ (=Dlogx
- log2 ki

where k; = (€ — 1)(kg + 1). This completes the proof.

Theorem 2.3. Let h > 3, £ > 3, and s > 1 be integers, and let A be an infinite
Bj—1 5 set of nonnegative integers. If ra,(n) > £ for all sufficiently large integers
n € hA, then there is a positive number ky = ky(A) such that

£—1)1
Ay > =z Dloex
slogh
forall x > h.
Proof. For every positive integer k, let
I = [hk—l’hk)
and
Ay =ANI.

The sets {A; : k = 1,2, ...} partition A \ {0}.



Infinite Sumsets with Many Representations 281

There exists a positive integer ng such that, if n > ng and n € hA, then r4 ,(n) > £.
Because A is infinite, there exists ag € A with hay > ng. Choose ky such that
ap € Ako~

Suppose that k > ko and A; # 0. Let

a; = max(Ay).
Then
W <af < i
and
AN[a; + 1.1 = 0.
Consider the integer

ha! € hA.

Because af > ay, we have ha; > hay > no, and so ry ,(ha}f) > £. It follows that
the set A contains a subset

{aij:i=1,...,handj=1,...,0—1}
such that, forj = 1,2,..., £ —1,
arj < ap; 3)
ayj = ar; = = ap—1j = apy “4)
ayj+ayj+ -+ ap—1j + ap; = hay
and
(al,j,azJ,...,ah_lJ,ahJ) #* (al,j/,az‘,'/,...,ah_lJ/,ahJ/)

forl <j<j <{€—1.Moreover,fori = 1,....,h—1landj = 1,...,£ — 1, the
inequality a;; > 0 implies that

an; < hay
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Let b € A and let J be a subset of {1,...,£ — 1} such that a;; = b forallj € J.
Ifj € J, then

aij+axj+ -+ ap-1; = hag —ap; = ha; —b
and so
ran—1(ha; —b) > |J|.
Because A is a B, j-set, we have
ran—1(hai —b) <s

and so |J| < s. The pigeonhole principle implies that

. -1
}{ahJ:jzl,...,E—l}}z —

It follows from inequalities (3) and (4) that

hay = aij+arj + -+ + anj < hay

and so
a;y < ayj < haj < /AR
Therefore,
a; +1 < a, < B
Equivalently,

anj € [a; + 1,hk+1) = [af + 1,hk) UAgsg
forj=1,2,...,£ — 1. Because AN [a;: + l,hk) = (), we see that
{anj:j=1,2,.... 0 =1} CArpa
and so

-1
[Ags1] > ——.
s

It follows by induction that |Ay| > (£ — 1)/s for all k > ko + 1.
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Let x > h, and choose the positive integer ¢ such that
h<x <t
Because
oo
A\{0} = UAk
k=1
it follows that
A@) = A(h) = (51) (t — ko)
-1 lo
> (59 (1 -k —1)

_ (=Dlogx
—  slogh ka

where k, = (£ — 1)(ko + 1)/s. This completes the proof.

Acknowledgements I thank Michael Filaseta for bringing these problems to my attention, and
Quan-Hui Yang for the reference to the paper of Balasubramanian and Prakesh.

References

1. R. Balasubramanian, G. Prakash, On an additive representation function. J. Number Theory 104,
327-334 (2004)

2. H. Halberstam, K.F. Roth, Sequences, vol. 1 (Oxford University Press, Oxford, 1966); Reprinted
by Springer, Heidelberg, in 1983

3.J.-L. Nicolas, I.Z. Ruzsa, A. Sarkozy, On the parity of additive representation functions.
J. Number Theory 73, 292-317 (1998) [with an appendix in French by J.-P. Serre]

4. K. O’Bryant, A complete annotated bibliography of work related to Sidon sequences. Electron.
J. Comb. Dyn. Surv. 11, 39 (2004)



On the Ratio of Consecutive Gaps
Between Primes

Janos Pintz

Dedicated to Helmut Maier on the occasion of his 60th birthday

Abstract In the present work we prove a common generalization of Maynard—
Tao’s recent result about consecutive bounded gaps between primes and of the
Erd6s—Rankin bound about large gaps between consecutive primes. The work
answers in a strong form a 60-year-old problem of Erdds, which asked whether
the ratio of two consecutive primegaps can be infinitely often arbitrarily small, and
arbitrarily large, respectively. This is proved in the paper in a stronger form that not
only d,, = p,+1 — p» can be arbitrarily large compared to d,,+; but this remains true
if d, 4 is replaced by the maximum of the k differences d,,+1, . . ., d,+ for arbitrary
fix k. The ratio can reach c(k) times the size of the classical Erd6s—Rankin function
with a constant ¢(k) depending only on k.

1 Introduction

The difference between the consecutive primes, the expression

dn = Pn+1 — Pn» (1)

where & = {p;}72, denotes the set of primes, has been investigated probably since
the time of the Greeks. The Twin Prime Conjecture asserts

d, = 2 infinitely often. 2)
This conjecture settles at the conjectural level the small values of d,. Concerning

the large values even the suitable conjecture is not completely clear. However, it
seems to be that Cramér’s conjecture [7, 8]
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dy
lim sup — =0Co = 1 3)

n—00 IOg n

is near to the truth. Granville suggested [28, 29], just based on the famous matrix
method of Helmut Maier that the correct value of C is instead of 1 slightly larger

C>2"7>1. “)

However, most mathematicians agree that the correct maximal order of d,, should be
(log n)2+o(l).

In the present work we give a short overview of the older and the recent new
breakthrough results of small gaps between primes, of the present state of art of
long differences. Our final result will be a common generalization of them (apart
from the very recent ones proved in the last 6 months) which deals with a problem
raised first by Erd6s and Turdn about small and large values of

dyt1
d,

&)

As it will be clear from the history and from the proof of our new result we will
often refer to important and ingenious results of Helmut Maier, which often (but not
exclusively) use his famous matrix method.

Since there were more than 40 papers discussing small and large values of d,
(or their relations) we will be relatively brief and try to concentrate on the most
important developments.

Due to the prime number theorem,

N
L§g, =P =2 e ©)
Nn=l ’ N ’
we have trivially
. . . dy
A = liminf <1 < limsup =:A. @)
n—oco logn n—>oo logn

The present work appeared in its first version at the beginning of July 2014 at
arXiv:1406.2658 [40], so it is based on our knowledge at that time. The very recent
dramatic new developments are mentioned in Chapter (A*) of the Introduction.

(A) Large Gaps Between Primes (Until August 2014)

The first non-trivial result, A > 1, was reached in 1929, when Backlund [1] proved
A > 2. One year later Brauer and Zeitz [5] improved this to A > 4. Another year
later E. Westzynthius [49] showed already A = oo, more precisely
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d,/ 1
lim sup — /1081 5, ®
n—oo logzn/log,n

where log, n denotes the v-fold iterated logarithmic function.
Erd6s [13] improved this in 1935 to

i d,/logn
msup ———=
isso log, n/ (log; n)?

€))

Finally, 3 years later Rankin [45] succeeded in showing the function which is
even currently, after more than 75 years the best result, apart from the constant:

i dn/logn
1m su
n—>00p 10g2 n 10g4 i’l/ (10g3 n)2

- 3

Since, apart from the improvements of the constant 1/3 to e” (in works of Ricci,
Rankin and Schonhage between 1952 and 1963), the inequality (10) remained the
strongest, Erdds offered in 1979, at a conference in Durham a prize of USD 10,000
for a proof of (10) with an arbitrarily large constant C in place of 1/3; the highest
prize ever offered by him for a mathematical problem. However, this did not help
either in the past 35 years. Nevertheless, strong analytic methods introduced by
Helmut Maier and Carl Pomerance, combined with the original Erdés—Rankin sieve
procedure helped to prove [32] in 1990 (10) with C = 1.3126...¢".

Finally, the current best result, the relation (10) with 1/3 replaced by

C =2¢ (1)

was reached by J. Pintz [36]. The methods to reach it involve besides the classical
sieve methods and the large sieve used by Helmut Maier and Carl Pomerance, a
pure graph-theoretical result, which, however, is proved in [36] using a so-called
semi-random method of E. Szemerédi.

(A*) Very Recent Developments Concerning Large Gaps
Between Primes

It was a great surprise when in August 2014 simultaneously and independently K.
Ford, B. Green, S. Konyagin, T. Tao [21] and J. Maynard [34] showed the 76-year-
old conjecture of Erdés mentioned in (A). In other words, this means that there
exists some function i(n) — oo as n — oo such that

lims du/ logn
u
isso” h(n) log, nlog, n/(log n)?

(12)
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Four months later in a joint work they showed that (K. Ford, B. Green,
S. Konyagin, J. Maynard, T. Tao [22]) i(n) can be chosen as log, n, that is
d,/logn

lim sup > 0. (13)
n—oo l0g,log, n/logsn

(B) Chains of Large Gaps Between Consecutive Primes

In 1949 Erdds [16] proposed the problem whether k consecutive prime gaps dj,+1,
..., dyy can be simultaneously much larger than its mean value, i.e. whether

) min(dy41, - - -, dnti)
lim sup =

00, (14)
n—00 IOg n

and succeeded in showing this for k = 2 in the same work.

Thirty years later Helmut Maier [30] introduced his famous matrix method and
showed this conjecture even in a stronger form when log n is replaced by the Erd6s—
Rankin function (cf. (10)). He proved for any k

. min(d,+1, . ..,dy+x)/logn
lim sup

15
n—00 log, nlog, n/(logy n)? (1

(C) Small Gaps Between Consecutive Primes

Unlike the quick progress in the case of large gaps an analogue of the early result
A > 4 of Brauer—Zeitz from 1930, i.e. A < 1/4 was essentially the best result still
even 75 years later before 2005, and it was reached by Helmut Maier [31] also by
his matrix method in 1985.

The first, although unpublished and conditional, result was reached by Hardy and
Littlewood (see [46]) in 1926 who showed that the Generalized Riemann Hypothesis
(GRH) implies A < 2/3. However, the first non-trivial unconditional result was
proved by Erd6s [14],

A<1-—g¢, (16)

with an unspecified explicitly calculable constant ¢; > 0.

After much work, calculating and improving c;, the next breakthrough came
by the large sieve of Bombieri [3] and Vinogradov [48] which enabled Bombieri
and Davenport [4] to eliminate GRH and (incorporating also Erdés’ ideas into their
work) to show unconditionally

A<(2+4+/3)/8=0.466.... a7
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After five further improvements of Piltjai, Huxley and Fouvry—Grupp this was
reduced to 0.4342. The next big step was the mentioned result of Helmut Maier
[31], the inequality

A <0.2486. (18)

Twenty years later D. Goldston, J. Pintz and C. Yildirim succeeded in reaching
the optimal value

A=0 (19)

(see Primes in Tuples I and III in [24, 25]). Further they showed that d,, can be much
smaller than log n, in fact it was proved in [27] that

n

d
lim inf =0 forany c > 1/2. (20)
(logn)

This was further improved by Pintz [39] for any ¢ > 3/7 which in some sense
was the limit of the original GPY method as proved by Farkas et al. [20].
Furthermore already the first work [24], proving A = 0 in details contained
also a conditional theorem. In order to formulate it we will describe the notion of
admissibility for a k-tuple 7 = {h;}*_, of distinct integers.
Definition 1.1. 7 = {h;}*_, (h; # h; for i # j) is called admissible if for any

prime p the set 7# does not occupy all residue classes mod p.

k
This is equivalent with the formulation that [ (n+ A;) has no fixed prime divisor.
i=1

Remark 1.1. Although we usually suppose that i; > 0 this is clearly not necessary

in view of the consequence which is translation invariant.

We also introduced two connected conjectures which were named after Dickson,
Hardy and Littlewood and which represent actually a weaker form of Dickson’s
prime k-tuple conjecture [11].

Conjecture DHL(k, ko). If 74 is admissible of size k, then the translated sets n +
4, contain for infinitely many n values at least ko primes if N > Ny(k, ko).
The special case ky = 2 had special attention because of his connection with the
Bounded Gap Conjecture. liminfd, < C with a suitable absolute constant C.
n—>oo
The mentioned connection is the simple

Proposition 1.1. If Conjecture DHL(k, 2) is true for some k, then the Bounded Gap
Conjecture is true.



290 J. Pintz

To formulate our conditional result we still need the following

Definition 1.2. A number 9 is called a level of distribution of primes if for any
A, e > 0 we have

X | C@A X
D max| > logp- ()‘ = Goe ) 1)
q<X19—s (a,9)=1 p<X AV 4
B p=a(mod q)

The result that (21) holds with ¢ = 1/2 is the famous Bombieri—Vinogradov
theorem [3, 48], while Elliott—Halberstam [12] conjectured that even % = 1 is a
level of distribution.

We can introduce for any ¢ € (1/2, 1] the

Conjecture EH(#). (21) is true for 9, i.e. ¥ is a level of distribution of the primes.
We showed in our original work

Theorem 1.1 ([24]). If EH(®) is true for any © > 1/2, then DHL(k, 2) is true for
k > C1 (%) and consequently, liminfd, < C,(¢}).

Soon after this, Motohashi and Pintz [35] (MR 2414788 (2009d:1132), arXiv:
math/0602599, Feb 27, 2006) showed in the work entitled “A Smoothed GPY
sieve” that (21) can be substituted with the weaker condition that it holds for
smooth moduli of g in (21) (by that we mean that for moduli ¢ having all their
prime factors below g”—or even X?—with an arbitrarily fixed ») and the maximum

taken over all residue classes a with (a,g) = 1 can be reduced to those satisfying
ﬁ (a + h;) = 0 (mod g) which are trivially the only cases appearing in the proof.
l_lFinally, Zhang [50] showed that for b = ﬁ the above condition holds with
v =1+

This led to the very recent result.

Theorem 1.2 ([50]). DHL(3.5-10,2) is true and consequently liminfd, < 7-107.
n—>oo

Some months later the joint effort of many mathematicians showed a stronger
form of Zhang’s theorem in the Polymath 8A project led by T. Tao [42].

Theorem 1.3 (Polymath 8A). DHL(632,2) is true and consequently liminfd, <
n—>oo
4680.
Another improved version, proved independently by another refinement of the
GPY method (in spirit closer to an elementary version of the method worked out
in collaboration with S. W. Graham, see [26] and which was also close to the first

attempt of Goldston and Yildirim [23] which finally led to A < 1/4 in their version)
was reached by Maynard [34], which showed the even stronger

Theorem 1.4 ([34]). DHL(105, 2) is true and consequently liminf d, < 600.
n—>o00
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T. Tao used the same approach independently and simultaneously with Maynard
and with help of his Polymath Project 8B [45] (involving further new theoretical
ideas and a huge number of computations) they showed

Theorem 1.5 (Polymath 8B). DHL(50,2) is true and consequently liminfd, <
n—>oo
246.

It is interesting to note that the above methods did not need the results or ideas of
Motohashi—Pintz and Zhang, neither any weaker form of a result of type § > 1/2.

In complete contrast to this, the Maynard—Tao method shows the existence of
infinitely many bounded gaps (although with weaker numerical bounds than 600
or 246) with any fixed positive distribution level of the primes. The first result of
this type (that is, a positive distribution level of primes) was proved by Rényi in
1947-1948 [47].

(D) Chains of Bounded Gaps Between Consecutive Primes

The original GPY method [24] furnished only under the very strong original Elliott—
Halberstam Conjecture EH(1) the bound

A, = liminf 222 7P _ g, (22)
n—00 logpn

Thus it failed to show on EH even DHL(k, 3) for some k. The additional ideas of
Motohashi—Pintz and Zhang helped neither.
Already Erd6és mentioned [16] as a conjecture

in(dy, d,
fim inf MR drt)
n—00 log n

1 (23)

which was proved in the mentioned work of Helmut Maier [31]. In the same work
he has shown

n+r — Fn — 5
A, = liminf 2 P < =y (r— 24 0(1)) (r — 00). 24)
n—oo  logn 8
This was improved in [25] to
A <e7 (Vr—1)°. (25)

However, as mentioned already, even (22) was open unconditionally. In this aspect
the Maynard-Tao method was much more successful, yielding
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Theorem 1.6 (Maynard-Tao). liminf(p,., — p,) < Ce* for any r with an
n—>oo

absolute constant C.

2 Consecutive Values of d,: Problems of Erdds,
Turan, and Pélya

The questions discussed in Sect. 1 referred to single or consecutive small values of
d, or to analogous problems dealing with solely large values of d,,. In 1948 Erd&s
and Turan [19] showed that d,+| — d, changes sign infinitely often. After this, still
in the same year, Erdds [15] proved that

dn+1

dy
lim inf < 1 < lim sup d+1 . (26)

n n

He mentioned 60 years ago [17]: “One would of course conjecture that

dy . d,
liminf 2L = 0 and lim sup o 00, 27

n—>oQo n n—00 n

but these conjectures seem very difficult to prove.” Based on a generalization of the
method of Zhang [50] the author proved (27) in [37].

In the mentioned work of Erdds and Turan [19] they also asked for a necessary
and sufficient condition that

k
> aipuyi (28)
i=1
should change sign infinitely often as n — co. They observed that the condition

k
> ai=0 (29)
i=1

is clearly necessary. Using (29) one can reformulate the problem and ask for
infinitely many sign changes of

L k
D dyyi == aiputi (30)
i=1 i=1

if we use the notation

J
= a (=12....k=1., L=k-1. 31)
i=1
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This form shows an observation of Pélya (see [18]) according to which «; (j =
1,...,£) cannot all have the same sign if (28) has infinitely many sign changes.
Erd6s [18] writes: “It would be reasonable to conjecture that Pélya’s condition is
necessary and sufficient for (30) to change sign infinitely often. Unfortunately the
proof of this is not likely to succeed at the present state of science.”

After this Erd6s showed [18] that (28), i.e. (30) changes sign infinitely often if

L
Y ai=0. o #0. (32)
i=1

The author announced in [38] the proof of the following
Theorem 2.7 ([38]). The sum (28), i.e. (30), changes sign infinitely often if at least
one of the following conditions holds ({ > 2)
¢

L
Y ai| < co0)) el
i=1 i=1

with a sufficiently small explicitly calculable constant co(£) depending on {;
(i) if 3j € [1, 4] such that

®

L
D el <ol  sgne; # sgnay, i€ [1,0\]; (33)
i=1,i#j

(iii) if the Hardy—Littlewood prime k-tuple conjecture is true for k = {.

Now, (iii) shows that the mentioned conjecture of Erd6s, namely that Pélya’s
trivial necessary condition (i.e., that all ; cannot have the same sign) is probably
really a necessary and sufficient condition for (30) to change sign infinitely often.

3 Results

In the present work we will show a kind of improvement of the result (10), which
can be considered also as a common generalization of our result (27) and Maynard—
Tao’s mentioned theorem about the strongest known estimates of chains of small
gaps between consecutive primes. The result will also give an improvement on the
recent proof of the author [37] which solved the 60-year-old problem (27) of Erdés
and improves the result (14) for k = 2 due to Erd6s [16].

The proof will also show a simple method (already observed in [37] by the author
after the proof of Zhang [50]) which makes the producing of bounded gaps (or
chains of bounded gaps in case of Maynard and Tao) effective, since the original
versions used a Bombieri—Vinogradov type theorem which again made use of the
ineffective Siegel-Walfisz theorem.
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Remark 3.2. The recent work [2] shows implicitly a way to make the Maynard—Tao
theorem effective.

Finally we mention that concerning the Theorem [37] of Sect.2 we can fur-
ther give a very simple sufficient condition for (28), i.e.(30) to change sign
infinitely often. To simplify the problem we can clearly suppose o # 0, oy 7 0. In
this case the sufficient condition is simply:

sgn oy # sgn ay. (34)

(If we do not make the trivial supposition «; # 0, oy # 0 we can clearly formulate
it in the way that the first and last non-zero elements of the sequence {ai}le should
have opposite sign.)

Summarizing, we will prove the following results, using the basic notation d,, =
Pn+1 — pn of (1), log,, n for the v-fold iterated logarithmic function.

Theorem 3.8. Let k be an arbitrary fixed natural number, c(k), N(k) suitable
positive, explicitly calculable constants depending only on k. Then for any N > N (k)
there exists an n € [N, 2N] such that

dpy1 - c(k)log Nlog, Nlog, N

35
max(dy, ...,dy—g+1) (log; N)? (3)

Essentially the same proof gives the analogous result:
Theorem 3.8'. Under the conditions of Theorem 3.8 we have

dp—x - c(k)log Nlog, Nlog, N

36
max(dy, . .., dp—k+1) (logy N)? 30)

Theorem 3.9. Let ky be an arbitrary fixed natural number, c(ky), N(ko) suitable
positive, explicitly calculable constants depending only on ky. Then we have a k > k
such that for any N > N (ko) there exists an n € [N, 2N] such that

min(dy—k, dp+1) - c(ko)log Nlog, Nlog, N
maX (o dyss1) (log N)?

Theorem 3.10. Let £ > 2 be an arbitrary integer, ay,. .., oy real numbers with
a1 # 0, ag # 0. Then the expression

L
Z O[idn-i-i (37)
i=1

changes sign infinitely often as n — oo if

sgn oy # sgnoy. (38)
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We remark that Theorem 3.10 trivially follows from Theorems 3.8 and 3.8’.

4 Proofs

The proof requires a combination of the methods of Erd6s—Rankin and that of
Maynard-Tao. Since Theorem 3.10 follows from Theorems 3.8 and 3.8', further
Theorem 3.9 implies Theorems 3.8 and 3.8, it is sufficient to prove Theorem 3.9.
Concerning Theorem 3.9 we will show that we will have infinitely many cases when
a block of at least ky consecutive primes in a bounded interval are preceded and
followed by two primegaps of length at least

co(ko) log N log, Nlogys N
(logs N)?

:= co(ko) log Nf (log N) (39)

each, where the corresponding primes p/,s satisfy v € [N, 2N]. To be more specific
we will choose an arbitrary set of m different primes {/;}/_, with the property that
forany i,j,t € [1,m], i # J:

m< Cs(m) <hy <hy <+ <hy < Cy(m), m=[Cse“"7, h } hi—h;  (40)

with the absolute constants Cs, Cs and the constants Cs(m) and C4(m) depending
on m to be chosen later. Denoting

M= [1 pi (41)

Pi<R. pi#h; (j=1....m)
we try to determine a residue class z ( mod M) with the property
(z£v,M) > 1 forall v e [0,colko)RF(R)]\ {hi}iZ,. (43)
We remark that we will have Rf(R) =< log Nf(log N).
To describe the procedure briefly we will look for a block of at least ky primes
among the numbers

L4+ hy,....,0 +h,, = z (mod M) (44)

by the Maynard-Tao method, using the refinements in [2]. This will contain at least
ko consecutive primes in a bounded block, while the two intervals

[€ — coko)Rf(R), £ — hy) and (€ 4 hy, £ + co(ko)Rf (R)] (45)



296 J. Pintz

will certainly not contain any prime due to (43). Since (cf. [2]) we can choose M as
large as a suitable small power of N, this will prove our theorem as by the Prime
Number Theorem we will have

logN < logM ~ R, f(logN) ~ f(R) (46)

and consequently Rf(R) =< log Nf(log N).
Let us use parameters 0 < v < w < R/2 to be chosen later, and let

P = I1 P, (47)
p=v, p#h (1<j<m)

= 1] p (48)
v<p<w

Pi:= [] » (49)
w<p<R/2

Pii= [] » (50)
R/2<p<R

V= 10g3R, U= Co(ko)Rf(R), P:= P(R) = P1P2P3P4, (51)

with a suitably small c(kg), chosen at the end. If we have a Siegel-zero, that is,
a real primitive character y; mod r, r < N, with a zero § of the corresponding
Z-function Z (s, y) satistying

c7
logN

B>1-— , (52)

then this character and zero are uniquely determined by the Landau—Page theorem
(see, e.g., [9, p. 95]) if ¢7 is chosen as a suitably small explicitly calculable positive
absolute constant. If y; is real primitive mod r, then r has to be square-free apart
from the possibility that the prime 2 appears on the second or third power in r. Let
us denote the greatest prime factor of r by g. Since we have

log? r
Jr

(see [9, p. 96]) where the implied constant is explicitly calculable we have by (52)

1-8> (53)

r> (logN)>/2. (54)



On the Ratio of Consecutive Gaps Between Primes 297

Consequently, by the Prime Number Theorem and the “almost square-free” property
of r we have

q > logr > log, N - oo as N — oo. (55)
If there is no Siegel-zero, then we will let ¢ = 1. Now we change slightly the

definition of P; and P as to exclude from their defining product the possible divisor g.
Let

4
P} =Pi/q if q| P; (1 <i<4), otherwise P} = P;, P* =[] P;. (56)
i=1

This change is not necessary for finding z with (42)—(43) but to assure uniform
distribution of primes = z ( mod M) in the Maynard-Tao procedure (and to make
later the whole procedure effective as well). This means also that in contrast with
the rough description at the beginning of this section the role of M = P will be
played actually by

M* = P* = P/q if q| P (otherwise M* = M = P = P*). (57)
Returning with this change to our problem of choosing z mod P* let
z=0(mod P{P5) (58)

while we will choose z ( mod P; Pj) suitably later. The letter p will denote in the
following an unspecified prime. The choices of v and U in (51) guarantee that

(zxnPiPy)=1 O<n<U, n#1) (59)
if and only if either
n=pg" [ A (@=0.0>0) and p = R/2 (60)
i=1
or
n is composed only of primes p | P5g l_[ h;. (61)

i=1

Our first (and main) goal in finding z mod P* will be to find residues &, with
p | P5 so that choosing

z=a, (modp) for p| P} (62)
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the condition (z* =+ h;, P*) = 1 (cf. (42)) should remain true and simultaneously we
should have for as many as possible numbers n of the form (60) (z + n, P*) > 1. By
a suitable choice of the parameter w we can make the whole set of n’s satisfying (61)
relatively small, due to de Bruijn’s result [ 10] which we use in a weaker form, proved
by Rankin [45]. The present form is Lemma 5 of [30].

Lemma 4.1. Let ¥ (x,y) denote the number of positive integers n < x which are
composed only of primes p < y. Fory < x and y approaching to infinity with x, we
have

lo lo
U(x,y) < xexp |:— log;; logx + log,y + O (loi—zi)} . (63)
3

Since ¥ (x, y) is clearly monotonically increasing in x we can estimate the number
of n’s in (61) from above by

(log U)Y"'w (U, w). (64)
Now, choosing
w= exp[a (log Rlog; R/ log, R)] (65)

with a constant « to be determined later, the quantity in (64) is by (51) clearly

(14 o(1))log; RlogR
U — 1 1))log, R 1)log, R
< exp[ o TogRlog, R/ Tog, R + (1 + o(1))logy R + (m + 1) log,
U R
< =o0 66
log? U (logR) (66)

if we chose, e.g.,

1
R — 67
* m+4+5 67)

This bound will be completely satisfactory for us. So we have to concentrate on
the numbers # in (60).

The simplest strategy in choosing «, ( mod p) in (62) would be to sieve out for
the smallest p > v the largest residue class mod p among the Ny numbers of the
form (60) and repeat this consecutively for all primes in P;. What makes our task
more complicated, is the fact that we have to preserve the condition (z 4+ h;, M) = 1
in (42), so we have to choose for any p; € P5

op, # —h; (mod pj) for i=1,2,...,m. (68)
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First we observe that an easy calculation shows that the Prime Number Theorem
implies

U R
No= Y a|l——|-7|—a—
o,Q] e Uy >0 q* l_[ h% 2g% 1_[ h%
i=1

i=1

u_(, 1‘11ﬂ[1 1“<2U ©9)
logU q h; “logU

i=1

if C3(m) in (40) was chosen sufficiently large (taking into account also (55)).
We will choose the residue classes &, one by one for all primes from v to w
and consider at the ith step the arising situation. We will be left at the jth step with

N; < Np remaining values of n’s with (60). If N; is at any stage of size < Tlos R’
0g
then we are ready. Thus we can suppose N; > R/(51ogR).
Otherwise, if @ and all «; (1 < i < m) are determined, then we have trivially in

case of

¢ []n > VU (70)
i=1
at any rate altogether at most
) («/ﬁ(log U)’”“) a1

numbers of the given form (60).
On the other hand, if (70) is not true, then we have by the Brun—Titchmarsh
theorem altogether at most

3mU 8Um
— < (72)

o (g T1he ) 10g VT i (11 ") log U
i=1 i=1

numbers n of form (60) which lie in one of the m bad residue classes {4;}"; mod p;.
Adding (72) up for all possible non-negative combination of «, «;, ..., a, we get
altogether (cf. (69)) at most

1omU _ 16meo(ko)Rf(R) _ Nf(R) _ N,
pilogU pjlogR i 4log’ R

(73)
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bad n values of the form (60) by p; > w and N; > R/(5logR). This means that
choosing from the remaining p; — m residue classes that one which sieves out the
most elements from the remaining set of size N; we obtain for the size of the new
remaining set

1
]ij (1 - 410g2R>

Niy1 <N;—
j+1 j ﬁj—m
1
<N 112 - 410g?R
! pj
1 1—log™2 R
<Nj(1 _5) . (74)
J

This means that by Mertens’ theorem we obtain a final residual set of cardinality at
most

2

1 1—log™* R IOgU 1—log™2R
N* <N, 1—- ~ N
IO ()

v<p<w p
p#q

—2

5 1-log™" R
—N 3log; R(1 + o(1))
- alogRlog; R

log3 R smU 1
=< 4mNy < .
logRlog; R ~ logU f(R)
_ 8mcy(ko)R - 8mcy(ko)R - w(R) — w(R/2)
~ logU logR 4

(75)

if the value of ¢y (ko) in (39) was chosen sufficiently small.

Formulas (66) and (69) mean that after the sieving with suitably chosen «;;,
(mod p;), p; € P3 and taking into account that the set satisfying (61) was at any
rate small, all elements of (60) and (61) can be sieved out by one third of the primes
from P, choosing for every remaining n* = pg® [ h;“ in (60) and (61) a separate

i=1
p* € Py, p* #p,qand z = —n* (mod p*), that is, o, = —n* ( mod p*). This will
assure (z+n*, M*) > 1. With an other third of p* | P4 we can similarly sieve out the
remaining negative n* values. The only problem is that for any p* € P, used above,
simultaneously with z + n* = 0 ( mod p*) we have to assure z + &; # 0 ( mod p™*).
This is equivalent to that n* — h; = 0 ( mod p*) is not allowed if we want to sieve
out z + n* with p*. However, for every number |n*| < U and for every i € [1,m]
the number n* — h; has at most one prime divisor > R/2 > /U. This means that
for every n* we have at most m forbidden primes to use to sieve out n*. Thus, as
the number of still “abundant” primes is at every step at least one third of all primes
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between (R/2, R] we can for all (positive and negative) values of n* consecutively
choose the primes p* | P} nearly freely, just avoiding at most m forbidden primes
at each step, so that we would have, step by step for each p* | P}, n*

z+n*=0(modp*), z+h #0(modp*) (i=12,...,m). (76)

At the end of this procedure some p* | P4 will remain. We can choose for these
primes o, freely with the only condition that

alj‘gé—hi(modp*) i=1,2,....m) )
should hold, in order to assure for the remaining primes p* | P, also
(z+ hi,p*) = 1. (78)

Finally to determine z uniquely mod M /g we choose for the primes p = h; «,
again essentially freely with the only condition

op #—hj (modp) (j=12,...,m) (79)

which is again possible by #; > m. In this way we will have finally for any i =
1,2,...,mwith M* = P* :M/q = P/q

(z+hi, P*) =1 (80)

and this means that the relations (42)—(43) will be satisfied with M* in place of M.

Now, we continue with the Maynard-Tao proof which we take over from [34]

with the additional changes executed in [2]. We will look for primes among the
numbers

C+hy,....0+h, {=z(modW), W=M"=p* (81)

with the value z found in the previous procedure, satisfying with the notation .77, =
{hi } :n= 1

G+h.W)=1(G=12,....m) (82)
(z+v, W) > 1 if |v] € [0,logLf(logL)] \ 7. (83)

We will show that for L > L(ky) we will find numbers
CeL.2L], £=z(mod W), #{{+h € P (1 <i<m)} >k (84)

with (81)—(83) which will prove our Theorem 3.9.
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Remark 4.3. 1f there are additional primes among £ — h; (1 < i < m) this does not
change anything since #; < C4(m) < Cg(kp). The introduction of the new variables
£ and L is only necessary since we look for primes around £ instead of investigating
pn and d,, so essentially £ ~ nlogn, L ~ NlogN, logL ~ logN, so the size of
gaps (39) remains unchanged if we substitute N by L. We remark that (40) and (55)
assure

m

[[oi=h)=p=0u(D), p#h (1 <t<m)=ptW, (85)
ij=1
i#j

p

analogously to (65)—(69) of Banks et al. [2], which is actually the Maynard-Tao
theorem.

We need also the modified Bombieri—Vinogradov theorem, Theorem 4.1 of
Banks et al. [2], which is somewhat similar to, but stronger than Theorem 6 of
[27]. The greatest prime factor of W is < log L, so the level of smoothness of W
is much better than that (L?) required by the condition of Theorem 10 of Chang
[6]. So the whole Theorem 4.1 of Banks et al. [2] will remain true. Further, we can
leave out from the actual sieving procedure the possibly existing g and its multiples.

o) 1
This causes just a negligible change of size [ 1 — — =140 (1 L) in the
og

weighted number of primes and in the sum of weights. If we choose in (41)
R < co(ko) log L (86)

with a sufficiently small co(ky) > 0, then we will have by the Prime Number
Theorem

W< L.69%o)(1+0(1)) (87)

so the whole Maynard—Tao procedure will remain valid, as in [2]. (The variable R
is here completely different from that in [34] or [2].)

Summarizing, we will obtain at least k) bounded prime gaps in intervals of type
[€ =, £ + hy) (88)

and around them two intervals of size (1 + o(1))co(ko) log Llog, Llog, L/(]og% L)
containing only composite numbers (see (45)) which prove Theorem 3.9.

Finally, the fact that we left out the largest prime factor ¢ (and its multi-
ples) of the possibly existing exceptional modulus r yields an effective modified
Bombieri—Vinogradov theorem and so an effective final Theorem 3.9, consequently
Theorems 3.8, 3.8, and 3.10 are effective too.
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Remarks on Fibers of the Sum-of-Divisors
Function

Paul Pollack

To Professor Helmut Maier on his 60th birthday

Abstract Let o denote the usual sum-of-divisors function. We show that every
positive real number can be approximated arbitrarily closely by a fraction m/n with
o(m) = o(n). This answers in the affirmative a question of ErdGs. We also show
that for almost all of the elements v of o (N), the members of the fiber 6=!(v) all
share the same largest prime factor. We describe an application of the second result
to the theory of L.E. Dickson’s amicable tuples, which are a generalization of the
ancient notion of an amicable pair.

1 Introduction

Let o(n) := ) 4, d be the familiar sum-of-divisors function. In this paper, we
record two theorems concerning the fibers of o. The first of these answers in the
affirmative a 1959 question of Erdés (see [5, p. 172]).

Theorem 1.1. Let B > 0. For every € > 0, one can find integers m and n with
o(m) =0o(n)and |7 — B| <e.

The primary tool in the proof will be the remarkable recent theorem of Yitang Zhang
approximating the prime k-tuples conjecture.

Our second result concerns the multiplicative structure of elements belonging to
a typical fiber. Building on work of Maier and Pomerance [8], Ford [6] developed
an extensive theory of o-preimages and used it to answer a number of delicate
questions about the distribution of ¢ and o-values. For example, he showed that
the count of ¢-values in [1, x] is

X 2 1
= oax P (C(log3 x—logsx)” + Dlogyx — (D + 5~ 2C) log, x)
ogx
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for certain constants C ~ 0.8178146 and D ~ 2.1769687, and that precisely the
same estimate holds for the ¢-function. Here we show how Ford’s methods can be
adapted to prove the following theorem.

Theorem 1.2. For asymptotically 100 % of the values v in the image of the
o-function, all of the elements of the set 0~ (v) share the same largest prime factor.

“Asymptotically 100 %” means that the density of such v, relative to o (N), is 1.

Theorem 1.2 has an amusing consequence for a problem of L.E. Dickson. Recall
that m and n form an amicable pair if 0 (m) = o(n) = m + n. Dickson [1] (cf. [2,
p- 50]) proposed the following generalization: Say that ny, . .., n; form an amicable
k-tupleif o (n;)) = ny+ny+...+n,foreachi € {1,2,...,k}. (Below, we refer to v
as the common o -value of the amicable tuple.) Dickson gave a handful of examples
with k = 3. For several others, with k as large as 6, see [9, 10, 15].

The distribution of amicable tuples remains mysterious. For example, we do
not know if there are infinitely many amicable tuples, even if all k£ are considered
simultaneously. In the case k = 2 (the amicable pair case), some progress has been
made. In 1955, Erd6s [4] showed that the set of natural numbers belonging to an
amicable pair has density zero. This result has been steadily sharpened over the
years [3, 12—14]. However, when k > 2, we still do not know if the set of numbers
belonging to an amicable k-tuple has density zero. Thus, the following corollary of
Theorem 1.2 seems of some interest.

Corollary 1.1. Asymptotically 0 % of the elements in the range of the o-function
appear as the common o -value of an amicable tuple.

1.1 Notation

We reserve the letters p and ¢ for primes. We let P+ (n) denote the largest prime
factor of n, with the convention that PT(1) = 1. We use w(n) for the number of
distinct primes dividing n and £2(n) for the number of prime factors of n counted
with multiplicity. We write 2(n, U, T) for the number of primes dividing n with
U < p < T, again counted with multiplicity. We write log, for the kth iterate of the
natural logarithm.

2 Proof of Theorem 1.1

Let L be the closure of the set {log * : 0(m) = o(n)}. Theorem 1.1 amounts to the
claim that L. = R. Since log 7+ = —log -, the set L is symmetric about 0, and so it
is enough to show that L contains all nonnegative real numbers.
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For any finite set of primes 4, define L in the same way as L but with m
and n restricted to be divisible by none of the primes in 4. The next lemma is
fundamental.

Lemma 2.1. There is a natural number K for which the following holds: Let &7 be
a finite set of primes. Let oy < ... < ak be any K real numbers. Then o; —a; € L?
for some pair of i and jwith 1 <i <j <K.

The proof requires that we recall Dickson’s prime k-tuples conjecture and the
spectacular recent progress towards it made by Zhang [18]. A collection of linear
polynomials ajx + by, ..., ayx + by € Z[x], each with positive leading coefficient,
is called admissible if gcd{]_[f;l (ain + b;)},ez = 1. Dickson conjectured that for
any admissible collection, there are infinitely many n for which all of the a;n + b;
are simultaneously prime.

Zhang’s breakthrough result in this direction was the following:

Proposition 2.1. There is a natural number K for which the following holds:
Suppose that aix + by, axx + by, ..., agx + by is admissible. For some pair of
iandjwithl < i < j < K, the expressions ajn + b; and ajn + b; simultaneously
represent primes for infinitely many natural numbers n.

Zhang states his result only in the case when all a; = 1. A stronger version of
the proposition—explicitly stated for general linear forms—appears in recent work
of Maynard (see [11, Theorem 3.1]).

Proof (Lemma 2.1). Assuming Dickson’s conjecture, Schinzel and Sierpiniski [16,
p. 193] showed that there are solutions to o (m) = o (n) with the ratio m/n arbitrarily
large. We modify their approach to demonstrate Lemma 2.1. Our proof will show
that if K is acceptable in Proposition 2.1, then it is also acceptable in Lemma 2.1.

The set {log %”) : ged(n, ]_[pegp) = 1} is dense in [0, 00). Indeed, if f is any
nonnegative additive function for which (1) Zp f(p) diverges, and (2) f(p) — O
along primes p, then the values of f(n), with n squarefree, are dense in [0, 00).
(This follows from a straightforward application of the greedy algorithm.) We apply
this general fact with f any additive function having f(p) = 0 for p € & and
f(p) = log "T(I’) forp & &,

We can assume all ; > 0, by replacing each «; with o; + o for a suitably large

ap. For each 1 < i < K, fix a sequence {Aj(.i) j?’il of integers coprime to ]_[pe @D
satisfying
oA
lim log — = ;.
j—00 A(’)

J

For each j € N, we apply Proposition 2.1 to the collection {o(Aj@)x - 1K
This is an admissible collection, since the product of the polynomials at x = 0 is
=£1. By Proposition 2.1, we can find a natural number 7;, and integers 1 < a; <

b; < K, for which p; := U(A](-‘I'f))nj —land gj:= U(Afb’))nj — 1 are simultaneously
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prime. Moreover, we can assume that p; and g; are both larger than j, larger than

AD ,A(K)

;... A;, and larger than any element of . Observe that

(aj)
pj+1_0Aj1)
) - (CHNM
g+ 1 o(4;")

(b)) (a))
so that o(ijj 7= o(quj Y,

also, both ij;b’ ’ and qu;“’ " are prime to ]_[pe & - There are only (g) possibilities
for the pair (a;, b;), and so some choice (a, b) must be taken on for infinitely many
Jj. As j — oo through corresponding values,

(@) (a) (b) (a)
A (gi + DA; o(A; o(A")
log & J(b) = log N J(b) +o(1) = log (i) ) —log (ja) + o(1),

which gives that o, — o, € LZ.

Proof (Theorem 1.1). We show that R is contained in L. Take any o > 0.

Let ¢ > 0. Apply Lemma 2.1 with & = @ and «y,...,q; chosen as
0, x€,....51e. We find that one of Le, Z¢,...,X=le € L; in particular, L N
(5%-€) # @. Thus, we can choose m; and n; with o(m;) = o(n;) and 5% <
lOg’:Tl < €. Suppose we have already defined m; and n;. Apply ‘Lemma 2.1
with the same «y,...,q; but with & the set of primes dividing ]_[’i=1 m;n;. We
find that there are natural numbers mjy; and n;4; with o(mjy) = o(nj11),

p.
gcd(mj+1nj+1, Hji=1 min,-) = 1, and % < 10g "/J'-':ll
to produce infinite sequences {m;} and {n;}.

Since each log :’—’ > =%, we may choose J with Zle log ';l > «. Moreover, if
7 7

< €. We continue ad infinitum

- 2K’

J is chosen minimally, then o < Zle log ';—j’ < o+ e Withm = ]_[f:1 m; and

ni= I—[f=1 n;, we see that o(m)=o0(m)and0 <log% —a <e.
Since € > 0 was arbitrary, o € L.

Remark 2.1. Ford’s methods (see the proof of the lower bound in [6]) show that
given any fiber 0~ (v) = {n,...,mn}, a positive proportion of all fibers o~ (w)
have the form {dn, ..., dn;} for some natural number d. Clearly, dilating by a factor
of d does not change the ratios between elements of a set. Thus, not only is every
B > 0 well approximable by a ratio m/n, where o(m) = o(n), but it is not so
unusual to see a ratio close to 8. For example, a positive proportion of v € o (N)
have two preimages m and n with |2 — 7| < 10717,

Remark 2.2. Tt seems interesting to observe that in the statement of Theorem 1.1,
m and n can be taken to be coprime. Indeed, the argument given above produces
squarefree integers m and n. Since o (m) = o (n), if we write m/n = m’ /n’ in lowest
terms, then also o (m') = o (n').



Remarks on Fibers of the Sum-of-Divisors Function 309

Remark 2.3. With obvious modifications, our argument will show that Theorem 1.1
also holds with ¢ replacing . In the same source [5] where Erdés mentions the
problem for o, he claims that this ¢-variant can be handled in an elementary fashion.

3 Proof of Theorem 1.2

3.1 Overview of the Basic Method

The proof follows the method of Ford and Pollack [7] for showing that most
@-values are not o-values, and vice versa. We review the strategy of that argument
here. For f € {¢,0}, let Vy(x) be the number of f-values belonging to [1,x]. As
already alluded to in the introduction, one knows [6, Theorem 14] that V,(x) =<
Vs (x) for x > 1; thus, the main result of Ford and Pollack [7] follows if it is shown
that the number of common ¢, o values in [1, x] is 0(V,, (x) + V5 (x)).

To this end, one begins by constructing [7, Sect. 3] sets .27, and %, with the
property that almost all f-values in [1,x] have all their f-preimages in «%. The
precise definition of the sets .7 [7, p. 1679] is quite intricate and incorporates both
“anatomical” and “structural” constraints. By “anatomical,” we mean multiplicative
constraints of the sort that often arise in elementary number theory. For example,
we insist that for a € 7, neither a nor f(a) has an extraordinarily large squarefull
divisor or “too many” prime divisors. Chief among the anatomical constraints is
the requirement that every prime p dividing an element of %% be a normal prime,
meaning that the prime divisors of both p — 1 and p + 1 are roughly uniformly
distributed on a double-logarithmic scale.

By “structural,” we mean that extensive use is made of the results of Ford
[6] describing the fine structure of typical f-values and their preimages. As an
example, precise inequalities are imposed on the prime divisors of elements of <7
the ordered list of such primes, after a double-logarithmic rescaling, must (up to a
small error) correspond to a point in the fundamental simplex of Ford [6, Sect. 3]. In
addition, we require—and this is the main innovation of Ford and Pollack [7]—that
a particular linear combination of renormalized prime factors be slightly less than 1
(this is condition (8) below in the definition of the set .<7;). This ensures that sieve
bounds (such as those that feature in Lemma 3.2 below) eventually yield a nontrivial
estimate.

Having constructed such sets 47, it is enough to study how many common ¢, ¢
values appear as solutions to an equation of the form

@(a) =o0(d'), where ac o, d e .d,. (1)
Write a = popip> -+ and d’ = qoqi1g> - - -, where the sequences of primes p; and g;

are nonincreasing. The normality condition in the definition of the sets .7, implies
that for small values of i, we have p; ~ ¢;, at least on a double logarithmic scale.
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We classify the primes p; and ¢; dividing a and & into three categories: “large,”
“small,” and “tiny” (as described in [7, §5A]). Then (1) gives rise to an equation of
the form

Po—D@1—=1) - (pr—1 — Dfd = (qo + D(q1 + 1) -~ (qx—1 + De. ()

Here py, ...,pi—1 and qo, . . ., qi—; are the large primes in a and @’ (respectively), f
is the contribution to ¢(a) of the small primes, d is the contribution to ¢(a) of the
tiny primes, and e is the contribution to o (a") of both the small and tiny primes.

To finish the argument, we require an estimate for the number of solutions to
equations of the form (2). We prove a lemma ([7, Lemma 4.1], cf. Lemma 3.2
below) counting the number of solutions py, . . ., Pr—1, 4o, - - - » @k—1, €,f to possible
equations of the form (2), given d and given intervals encoding the rough location
of the primes p; and g;. (The phrase “possible equations” means that there are
many further technical hypotheses in the lemma, but that these hypotheses are
automatically satisfied because of our choice of the sets <7.) Finally, we sum the
estimate of the lemma over all possible values of d and all possible selections of
intervals; this allows us to show [7, p. 1695] that

#{p(a) : (a,d') € o, x o, and g(a) = 0(d)} K IL exp (—%(log2 x)l/z) ,
ogx

which is o(V,(x) 4+ V,(x)) with much room to spare.

3.2 Definition of the Set <7,

Theorem 1.2 will be proved by modifying the above procedure. We start by giving
a careful definition of the set <7, appearing above. The set <7, can be defined in an
entirely similar manner, but we will not need this.

Put

oo n+1
F(z) = Zaﬂz", where each a, = / log tdt. 3)

n=1

The series defines F as a continuous, increasing function of z on (0, 1). Moreover,
F(z) - oo asz 1 1. Hence, there is a unique o € (0, 1) with F(¢) = 1; numerically,
0 ~ 0.5426. We let C = which is ~ 0.8178. (We met this constant already
in the introduction.)

Given a natural number n, write n = po(n)p; (n)p2(n) . . ., where po(n) > pi(n) >
pa(n) > ... are the primes dividing n (with multiplicity). Put

1
2[logol”

(n:2) log, pi(n)/log, x ifi < £2(n) and p;(n) > 2,
xi(n;x) =
otherwise.
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For each real number L and each & = (&,...,&.—>), we let .#7(&) be the set of
(x1,....x) e REwith0 <x; <x;,; <...<x; <1,and satisfying the system of
inequalities

axy +ao + ... taxg <&

aixy + ... +ar—ixp < ix

arxp—1 + axxp < Eoxp .

The region corresponding to & = (1,1,...,1) is called the L-dimensional funda-
mental simplex. Let

Lo(x) = [2C(logy x —log, x)];

when x is clear from context, we abbreviate Ly(x) to L. One of the key observations
of Ford [6] is that if the components of & are slightly larger than 1, and L is a
little smaller than Ly, then the n for which (x;(n;x), ..., x.(n; x)) € YL(§) generate
almost all o-values in [1, x]. (See condition (5) below in the definition of <7, for one
way of making this precise.)

Let S > 2. We say that a prime p is S-normal if 2(p + 1,1,5) < 2log, S and,
for every pair of real numbers (U, T) with S <U < T <p + 1,

|2(p+ 1,U,T) — (log, T —log, U)| < y/log, Slog, T.

In other words, there are not exorbitantly many prime divisors of p + 1 up to S,
and the larger prime divisors of p 4 1 are roughly uniformly distributed on a double
logarithmic scale. (In [7], the definition of S-normal required the same constraints
also on p — 1, but for this paper working with p + 1 is sufficient.)

We can now give a precise definition of the set .27;. Fix € € (0, 1/2) and assume
throughout that x > x((¢). Let

S = exp((log, %), » = (logx) #*%,

1

L= |Ly—2+/1 , d =14+ —7——.
Lo —2y/log;x]. and § +10(Lo—i)3

Then o, = (€, x) is the set of n = po(n)p1(n) ... with o(n) < x that satisfy

all of

©0) n>x/logx,

(1) every squarefull divisor m of n or of o(n) has m < (logx)?,
(2) all of the primes p;(n) are S-normal,

(3) 2(o(n)) < 10log, x and £2(n) < 10log, x,
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(4) ifd || nand d > exp((logx)'/?), then 2(o(d)) < 10log, o(d),

(6) i(mx),....x(n;x) € S1(§),

(6) n has at least L 4 1 odd prime divisors (counted with multiplicity),
(7) P+(p0 + 1) > xl/logzx’pl(n) < xl/(lOOlogzx)’

®) apxi(m;x) + ... +apxp(nx) <1 —ow.

The following statement appears as [7, Lemma 3.2].
Proposition 3.2. The number of o-values in [1, x] which have a preimage n & <7 is

< Vo (x)(logy )27,

This makes precise our claim in the overview that the elements of <7, generate
almost all o-values in [1, x].

3.3 The Proof Proper

Say that the o-value v is exceptional if it possesses two preimages a and @’ for which
Pt (a) # Pt (a’). We wish to show that the count of exceptional o-values in [1, x] is
0(V;(x)), as x — oo. In view of Proposition 3.2, we may assume v is such that all
of its preimages belong to .27 . Pick preimages a and @’ with P* (a) # P* ('), and
write

a=ppp2.... and d =qoqiqa ...,

where p; and g; are nonincreasing sequences.

3.3.1 Rewriting 6(a) = o (@)

Following the overview presented above, our first task is to deduce from the equation
o(pop1p2+-+) = 0(qoq192 - -+ ) an auxiliary equation of the shape

(Po+ D1+ 1)+ (pr—1 + Dfd = (go + V(g1 + 1) -+ (qx—1 + De. “4)

We select k—our cutoff between “large” and “small” primes—in exact parallel with
how £ is selected in [7, Sect. 5A]. In other words, we choose kj as the smallest index
for which

10g2 P+(Pk0 + 1) < (10g2 X)1/2+€/10,
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and we take k = ko unless py, and py,—; are too close together in a certain technical
sense, in which case we take k = ko—1.! As explained on [7, p. 1689], the properties
of o7, imply that

k~ (1/2—€/10)L. 5)

(This asymptotic formula is essentially [7, Lemma 5.3]; one has only to change the
p — 1toap+ 1inits proof.) Moreover, if 0 < i < k, then

)1/2+e/10 YL/l

log, p; > (log, x and log, ¢; > (log, x
(For this, see again [7, p. 1689].) These last estimates, along with condition (1) in
the definition of 7, guarantee that p? } a and g7 4 @'. Thus, the first k factors
on the left- and right-hand sides of (4) represent the contribution to ¢ (a) and o (a’)
from the “large” primes py, . .., pr—1 and qq, - . . , gr—1, respectively.

To make the right-hand side of (4) coincide with o ('), it suffices to define

e = o (qGi+1qi+2-"")-

The choices of f and d are slightly more delicate. If p; | # p;, then we put

f=o0@wi+1-pL-1), d=o0Ppr+1--+).

(In the language of the overview, L is what one thinks of as the cutoff between small
and tiny primes.) In the general case, we let A be the largest divisor of a supported
on the primes py,...,pr—1, and we put f = o(A) and d = o(a/(p;---pr—14)).
Then (4) holds. Note that by assumption, py 7# qo.

3.3.2 The Key Sieve Lemma

To continue, we need a tool that allows us to count solutions to (4). We use
the following variant of Ford and Pollack [7, Lemma 4.1], which was proved by
repeated application of the upper bound sieve. As the required changes to the proof
of Ford and Pollack [7, Lemma 4.1] are little more than typographical, we omit the
demonstration.

Lemma 3.2. Lety be large, k > 1,1 > 0,30 < S < ... <vg =y, and u; < v;
for 0 < j < k— 1. Suppose that 1 < B < y'/1° and put § = /log, S/log, y.

'Precisely: With n := 10L,/log, S/ log, x, we choose k = ko unless xg,—i (1; x) —xz, (n; x) < 207.
This becomes relevant for verifying that the intervals [u;, v;] selected later in the proof satisfy the
conditions of Lemma 3.2 below. Since we will refer to [7] for the selection of u; and v; and this
verification, it does not make sense here to go into more detail.
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Set v; = log, v/ log, y and ; = log, u;/ log, y. Suppose that d is a natural number
for which P+ (d) < vi. Moreover, suppose that both of the following hold:

(a) For 2 <j= k — 1, either (,uj,v_,-) = (Mj—hvj—l) orv; < Wji—1 — 268. Also,
vk < -y — 26.
(b) For1 <j < k—2, we have v; > vj,.

The number of solutions of

o+ 1) (pr—1 +1)fd = (qo + 1)+ (gx—1 + 1)e < y/B,

inpo,...,Pk—1,40, - - qi—1, . f satisfying
(i) ged ([T opl,]_[ o) = 1;

(ii) p; and q; are S- normal primes;
(iii) u; < PT(pi + 1), PT(qi + 1) <wvifor0<i<k—1;

(iv) no p; + 1 or g; + 1 is divisible by 1* for a prime r > v;

(v) P (ef) < v () < 4llog, vy

(vi) po + 1 has a divisor > y'/? which is composed of primes > v;;

is

k—1
& dLB(c 10g2 y)Gk(k + 1).(2(d) (IOg vk)S(k-H) log(k+1)+1 (log y)—Z-‘rZi:l aiVi"rE,

where E = § Z, ,(ilogi+ i) +2 Zl 1(1), — W). Here c is an absolute positive
constant, and the a; are as defined in (3).

Remark 3.4. The condition (i) is not present in [7, Lemma 4.1]. The explanation
is that applying the upper bound sieve requires a linear independence condition on
the linear forms. This condition is automatic when treating Eq. (2), because the left-
hand shifted prime factors are shifted by —1 whereas the right-hand shifts are by
+1. In (4), the primes are shifted by 41 on both sides, forcing us to assume (i).

3.3.3 Capturing Solutions with Lemma 3.2: Attempt #1

Given a pair (a,d’) € @, x 4 satisfying
o(a) =0(d) and PT(a) # P (d), (6)

we described in Sect. 3.3.1 how to construct a solution to (4). By a “solution,” we
mean the values of py, ..., pr—1, 9o, - - -, qx—1, d, e, and f. On the other hand, given
a solution to (4) that arose this way, we can recover the common value of o (a) and
o (d’) by computing either side of (4). So we can bound the number of exceptional
o-values having all preimages in <7, by the number of solutions to (4) that arise—
in the manner detailed in Sect.3.3.1—from (a,d’) € o, x <, satisfying (6).
Henceforth, when we speak of a “solution” to (4), we always mean a solution that
arose this way.
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We group solutions to (4) according to the value of &, the value of d, and the
“rough positions” of the primes P* (p; + 1) and P* (g; + 1). (In view of the fact that
each p;, g; is normal, this is essentially the same as grouping by the positions of the
pi and g; themselves, but turns out to be technically more convenient.) Our hope is
to apply Lemma 3.2 to bound the number of solutions in each group, and then sum
over all the groups.

Suppose we start with a solution to (4) and want to place it in a group. What
does it mean precisely to specify “the rough positions” of the primes PT (p; + 1)
and PT(g; + 1)? We will interpret this to mean that we specify uo, ..., u—; and
Vo, . . ., U so that, taking y := x,

* 0=<S=w = 1=...Zvy=y
e uy<vifor0<j<k-—1,

¢ (a) and (b) in Lemma 3.2 hold,

* (iii) holds.

A systematic way of choosing u; and v; to satisfy these criteria is described in detail
in [7, Sect. 5B].2
Moreover, if one selects the u; and v; by that recipe, and takes

B=1 and [=L—k,

then our solution to (4) satisfies not only (iii) but in fact every condition of
Lemma 3.2 except possibly condition (i). That is, PT(d) < vy and all of (ii)—(vi)
hold. This follows mutatis mutandis from the corresponding proofs in [7, Sect. 5C].
The only point that merits further discussion is the verification that PT (ef) < vy (as
claimed in (v)) and the related point that P (d) < v;. Here the more wild behavior
of o on prime powers, vis-a-vis ¢, complicates matters.

Letr := P*(e). Since k < L and a’ has at least L + 1 distinct odd prime divisors,
e = o(grgr+1---) > 1 and so r > 1. Choose a prime power R exactly dividing
qkqGk+19k+2 - -+ for which r | o(R). If R is a proper prime power, then (1) in the
definition of <7, implies that R < (logx)? and so

r < o(R) <2(logx)* < S < v.

So we can assume that R is a prime divisor of gxqi+1---- Then r | R + 1, and
r < PT(R+ 1) < max{3,R} < g;. From the fifth display on [7, p. 1692],

log, qi/ log, x < log, pr/log, x + (2k + 1) /log, S/ log, x < log, v/ log, x.

Thus, r < gx < vi. An entirely similar argument shows that P (o (pxpir1---)) <
vy, so that both PT(f) < v and PT(d) < v;.

2Since we are working with solutions to (4) instead of (2), one should read [7, Sect. 5B] mentally
replacing each expression of the form p — 1 with p + 1.
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If (i) were to always hold, it would be clear how we ought to finish the proof
of Theorem 1.2. In that case, every solution to (4) would fit in a group of the sort
counted by Lemma 3.2. Summing the estimate of the lemma over the possible &,
d, and u;, v; (that is, over all possible groups of solutions) would give us an upper
bound on the count of all solutions. However, there is no reason for (i) to always
hold. It could well be that the list py, . . ., px— overlaps with the list gy, . .., gx—1. So
we must work a bit harder before Lemma 3.2 can be applied.

3.34 Attempt #2

There is an easy fix for the problem we have just run into: Do not attempt to apply
Lemma 3.2 until after canceling factors arising from the common large primes!
Given a solution to (4), put

m = ged(po - Pr—1.40 "+ qr—1)-

By assumption, py # ¢o. It follows that neither py nor gy can divide m. Indeed,
from conditions (3) and (7) in our definition of 7, both py, g0 > x'/? while each
Di»qi < x'le2x fori > 1.

For each prime p dividing m, cancel the factors of p 4 1 from both sides of (4).
Relabeling, we obtain an equation of the form

(Po+ 1)+ (px—1 + Ddf = (o + 1)+ (gx—1 + 1)e @)

where K = k — w(m) and the common value of both sides of (7) is at most
x/o(m). We may assume that the p; and g; are in nonincreasing order. Since
gcd(m, poqo) =1, we have K > 1, pg = py, and gg = go. Write each

pi=pj. and g; =gy,

where the indices i and ¢ satisfy i < j;,ji < kfor0 <i < K.

In the last section, our choices of parameters in Lemma 3.2 possibly failed to
capture the solution po, ..., Pi—1, gos - - - » Gk—1, d, e, f to (4). We now describe how
to capture the solution py, ..., Px—1, Go, - - - » gk—1, d, e, f to (7) by making slightly
different choices of these parameters.

We continue to assume that u; and v; are chosen as in the preceding section. Since
hypothesis (a) of Lemma 3.2 holds, for i > 1 the intervals [u;, v;] and [u;41, Vi+1]
either coincide or are disjoint. Now appealing to (iii)—which was also satisfied for
our choices of u;, v,—we see that

i

=y < PT(p + 1), PT gy + 1) S v =y
forevery 1 <i <K —1.Put

i =uj;and v; = v;; for0 <i < K—1, andput Vg = .
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From the second half of condition (7) in the definition of .27, and the estimate
k < L = O(log; x),

o(m) < m? <(pi-- 'pk—1)2 < Ollogz x/logy %)

Hence,

o(m) < x'/1°
for large x.
We will apply Lemma 3.2 with

y =x, K playing the role of k in the lemma, u;, v; in place of u;, v;,

B = o(m), dasbefore, [asbefore (i.e.,/ = L — k for our original k).

Since all of the previous hypotheses except (possibly) (i) held for our solution to (4),
all of the statements in Lemma 3.2 are satisfied for our solution to (7). That is, with
this choice of parameters, Lemma 3.2 succeeds in capturing our solution to (7).

Now given m, one can recover the original solution to (4) from the solution to
the canceled form (7). So to count solutions to (4), it is enough to sum the upper
bound of the lemma over possible values of the parameters d, m (which determines
B = o(m)), k (which determines [ = L — k), K, the i;, and v;.

3.3.5 Finishing Up

Making analogous calculations to those on [7, pp. 1693—-1694], the upper bound
arising from a single application of Lemma 3.2 is seen to be

< _ ex (_1(10 x)l/2+€/2)lﬂ

s(m)logx PV 3008 d
(compare with [7, Eq. (5-13)]). It remains to sum on d, k, K, m, u;, and v;.

Since each of k and K is bounded by L, there are only O((log; x)?) possibilities
for the pair (k, K). Reasoning as in [7, Eq. (5—14)], the number of possibilities for
the i; and ©; is bounded by exp(O((log; x)?)).

To handle the sum on d, we first establish the uniform bound

2(d) < (log, x)"/%.

Recall that we defined d so that d = o (k) for some unitary divisor . of a supported
on primes < p;. If 1 < exp((log, x)'/?), then the desired bound on £2(d) follows
from the estimate £2(d) < logd. Otherwise, conditions (3) and (4) in the definition
of <7, give us

2(d) < 10log, o (h) < log, h < log, p)’ %",
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and this is also O((log, x)!/?), by the calculation in the final display of Ford and
Pollack [7, p. 1694]. It follows that

LY < exp(O((log, v)'/* log, x)).

Recall that P*(d) < v;. Our choice of v; now yields log, P*(d) < (log, x)'/2T</*
[7, Eq. (5-12)]. Hence,

1
Y o < exp((log, 9)'1).

Assembling the preceding estimates, we find that the number of solutions to (4)
corresponding to a given value of m = ged(pg . . . pr—1,90 - - - gi—1) s at most

—exp(—(o 172y .

o (m)logx P ( (log, x) )

It remains finally to treat the sum over m. Since m divides p; - - - px—1, we have that
m is squarefree and (recalling (5))

1
w(m) <k < EL < 0.91og, x.

Hence,

1 1 1 g
; e D DA (Z m) < exp((log; ¥)?),

J!
Jj<0.9log;z x p=x

by a short calculation using Mertens’s estimate Zp < p~! = log,x + O(1). We
conclude that the total number of solutions to (4) is bounded by (say)

X 1
@ exp (_E(Ing x)l/z) .

As discussed before, this is also an upper bound on the number of exceptional o-
values in [1,x] all of whose preimages belong to .o7. Since this upper bound is
certainly o(V, (x)), the proof of Theorem 1.2 is complete.

Remark 3.5. Recall that € > 0 can be taken arbitrarily small in the definition of
. From the above argument and Proposition 3.2, it follows that the number of
exceptional o-values in [1,x] is at most V, (x)/(log, x)/2°M as x — oo.

Remark 3.6. Using the preceding remark and further ideas from [6, 7], one can
establish the following strengthening of Theorem 1.2: For each fixed K, almost all
o-values in (1, x] are such that all of their preimages share the same largest K + 1
prime factors. One could even extend this to certain functions K = K(x) — oo, but
we do not pursue this possibility here.
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Remark 3.7. Theorem 1.2 as well as the comments in the preceding remarks all
hold with o replaced by Euler’s ¢-function, by essentially the same proofs.

4 Proof of Corollary 1.1

Proof. Suppose that v < x is the common o-value of some amicable tuple. Then
there are ny, ..., n; with Zle n; = v and each o(n;) = v. Clearly, each n; < x.
By Theorem 1.2, we can assume that all the n; have the same largest prime factor P.
We can also assume that P > z, where z := x!/(#10glogx) QOtherwise, a crude upper
bound on the count of smooth numbers (such as [17, Theorem 1, p. 359]) shows
that each n; is restricted to a set of size < x/(logx)?> = o(V,(x)), which would
mean that v = o(n;) is also so restricted. For the remaining values of v, observe
that P divides Zle n; = v = o(ny). Write ny = Pm. If P | m, then n, is divisible
by the square of a prime exceeding z, leaving < x Zp>z P2 L x/7 = o(Vy(x))
possibilities for n;. So assume that P } m. Since P divides o(n;) = (P + 1)o(m)
and P = P (n;), there must be a proper prime power R dividing m for which
P | o(R). Since P divides o(R) and o(R) < 2R, we have that R > P/2 > z/2.
Thus, ny possesses a squarefull divisor exceeding z/2, which restricts n;—and also
v = o(n;)—to a set of size K x//z = 0(V,(x)).
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On Amicable Numbers

Carl Pomerance

To Professor Helmut Maier on his 60th birthday

Abstract Let o/ (x) denote the set of integers n < x that belong to an amicable pair.
We show that #.¢7 (x) < x/eV'°%* for all sufficiently large x.

Keywords Amicable number

Mathematics Subject Classification: 11A25, 11N25

1 Introduction

Let o denote the sum-of-divisors function and let s(n) = o(n) — n. Two different
positive integers a, b with s(a) = b and s(b) = a are said to form an amicable pair.
This concept is attributed to Pythagoras and has been studied over the millennia
since both by numerologists and number theorists. The first example of an amicable
pair is 220 and 284. About 12 million pairs are now known, but we don’t have a
proof of their infinitude.

Say a positive integer is amicable if it belongs to an amicable pair and let </
denote the set of amicable numbers. Kanold [9] was the first to consider &7 from
a statistical viewpoint, announcing in 1954 that ./ has upper density smaller than
0.204. Soon after, Erdds [5] showed they have asymptotic density 0. In the period
1973-1981 there were several papers getting successively better upper bounds for
#.4/ (x), where &7 (x) = o/ N [1,x]. Somewhat simplifying the expressions, these
upper bounds have progressed as follows:

x x X x
(loglogloglogx)!/2” logloglogx’ exp ((logloglogx)'/2)" exp ((logx)!/3)’
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see [7, 14-16], respectively. In this paper we are able to replace the exponent 1/3 in
the last estimate with 1/2. In particular, we prove the following theorem.

Theorem 1.1. As x — oo, we have

#a7 (x) < x/exp ((% + 0(1)) +/log xloglog logx) .

The proof largely follows the plan in [15], but with some new elements. In particular,
a separate argument now handles the case when an amicable number 7 is divisible
by a very large prime p. Thus, assuming the largest prime factor p of n is not so large,
it can be shown that, usually, a fairly large prime divides o (rn/p). The argument to
handle the case of p large is reminiscent of the paper [13] which deals with Lehmer’s
problem on Euler’s function ¢, also see the newer paper [1]. In addition, we use a
result in [2] to streamline the argument that o (n/p) has a large prime factor.

The argument in [15] was subsequently used to estimate the distribution of
numbers n with ¢(n) = ¢(n + 1), and some similar equations; see [6, 8]. These
results were since improved in [17]. However, it is not clear if the method of Yamada
[17] can be used for the distribution of amicable numbers.

We record some of the notation used. Let P(n) denote the largest prime factor of
n > 1 and let P(1) = 1. We say an integer n is squarefull if for each prime p | n
we have p? | n. We use the notation (a, b) for the greatest common divisor of the
positive integers a, b. We write d ||nif d | nand (d,n/d) = 1.

Note that if n is large we have s(n) < 2nloglogn.

2 A Lemma

Let @(x,y) denote the number of integers n € [1,x] with P(p(n)) < y. In [2,
Theorem 3.1] it is shown that for any fixed € > 0, we have @(x,y) < xexp(—(1 +
o(1))uloglogu) as u — oo, where u = logx/logy and (loglogx)!*t¢ <y < x.
At first glance one might think there is a typographical error here, since the
corresponding result of de Bruijn [4] counts n € [1,x] with P(n) < y, and the
upper bound is xexp(—(1 + o(1))ulogu), which is supported by a corresponding
lower bound, see [3]. However, a heuristic argument indicates that it is likely that
for @(x,y), replacing log u with loglog u is correct (see [2, Sect. 8] and [10]). Until
we have a corresponding lower bound, we will not know for sure.

In this paper we will require an estimate for the number of n € [1,x] with
P(o(n)) <y. The function o (n) closely resembles the function ¢(n); we see “p+1”
in o (n), where we would see “p — 17 in @(n). However, it is not as simple as this,
since o treats higher powers of primes differently than ¢. It is possible to overcome
this difference since most numbers 7 are not divisible by a large squarefull number.
But to keep things simple, we restrict our numbers 7 in the following result to
squarefree numbers. Let X' (x, y) denote the number of squarefree numbers n € [1, x]
with P(o(n)) < y.
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Lemma 2.1. For each fixed € > 0, we have X (x,y) < xexp(—(14o(1))uloglogu)
as u — oo, where u = logx/logy and (loglogx)'*t€ <y < x.

As indicated above, the proof of this result follows from small cosmetic changes to
the proof of the corresponding result on @ (x, y) in [2].

3 Proof of Theorem 1.1

Let x be large and let
L = L(x) = exp (3 +/ITogxTogloglogx) .

(i) Forn € < (x), we may assume that n > x/L and s(n) > x/L.

The first assertion is obvious and the second follows from the fact that each
n € &/ (x) is determined by s(n).

(ii) Forn € 4/(x) we may assume that the largest divisor d of n with P(d) < L* has
d < x'3, and similarly for s(n). In particular, we may assume that P(n) > L?
and P(s(n)) > L*.

Indeed, by [4], for z > x1/3, the number of integers d < z with P(d) < 12
is O(z/L), so by partial summation, the number of n € 27 (x) divisible by such a
number d > x'/3 is O(x(log x)/L). A parallel argument holds for s(n). The assertions
about P(n), P(s(n)) now follow from (i).

(iii) For n € o/ (x) we may assume the largest squarefull divisor of n is at most L?,
and the same for s(n).

Since the number of squarefull numbers d < z is O(4/z) for all z > 1, partial
summation implies that the number of integers n < x divisible by a squarefull
number d > L? is O(x/L). A similar estimate holds for s(n).

Note that if n € o/ (x), then (ii) and (iii) imply that P(n) || n and P(s(n)) || s(n).
For the remainder of the proof, for n € &7 (x) we write:

n=pm, p=Pn)tm, sn)=n=pw, p=PH)}tm.

Note too that for x large we have n’ < 2xloglog x.
(iv) Forn € </ (x), we may assume that P((n, s(n))) < L.

Suppose n € &7 (x), r = P((n, s(n))), and that » > L. Then r | a(n), so there is
a prime power ¢/ | n with r | o(¢/). We use an elementary inequality found in the
proofs of [11, Lemma 3.6], [12, Lemma 3.3]: for any positive integer d,
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1 log x)?
E g < % (1)
@<x
dlo(¢)

We Apply (1) with d = r, getting that the number of n < x with r | nand r | o(n)
is O(x(logx)?/r?), and so the number of n which violate (iv) is at most a constant
times

x(log x)?

1
x(log x)? Z P < 3

r>L
This estimate shows that we may assume (iv).

(v) Forn € &/ (x), we may assume that mm’ > x/L.

Suppose 1 € 7 (x). We have
p'm’ = s(n) = o(pm) — pm = ps(m) + o (m), 2
pom) +o(m) =o@'m) = a(n) = po(m) +o(m). 3)
Multiplying (2) by o (m), (3) by s(m) and subtracting to eliminate p, we have
p'm'a(m) —p'o(m')s(m) — o (m')s(m) = o(m)* — o (m)s(m) = mo (m).
Thus,
p'(m'o(m) —o(m')s(m)) = o(m')s(m) + mo (m). 4)

Since the right side of (4) is positive, we see that m,m’ determine p’, and by
symmetry, they also determine p. So the number of cases for which (v) fails is at
most

Z 1 = O(x(logx)/L).

mm’ <x/L

(vi) Forn € 4/ (x), we may assume that p,p’ < x*/*L.

Suppose n € o7 (x) and p > x*/*L. Then m < x'/*/L, so by (v), m’ > x*/*. Since
n’ < 2xloglogx, we have p’ < 2x/*1loglogx. Write the prime factorization of n’
asp\pa...p, Wwhere py = p'andp; > pr, > ... > p,and forj = 1,2,...,¢, let
D; = pip>...p;. By (i), some D; > x'/2; let D be the least such divisor of ’. Since
p1 < 2x'/*loglog x, we have

% <D < 2x3/4 loglog x. ®))
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Further, by (ii) and (iii), D is squarefree, D || n’, and every prime dividing D is larger
than L2. From the identity

s(m)o(n') = s(m)o(n) = o(m)o(n) —omym = o(m)a(n) —o(m)(p + Lm
= o(m)o(n) — o (m)(n +m) = o(mn’ — o (mym,
we have
s(m)o (D)o (M) = o (m)DM — mo (m).
Reading this equation as a congruence modulo o (D), we have
o (m)DM = mo(m) (mod o (D)).

The number of choices for M < 2x(loglog x)/D which satisfy this congruence is at
most

2xloglog x <1 2x0 (m)(D, o (D)) loglog x

b Do (D)/(o(m)D,o(D)) — D?

Since (D, o (D)) | (n,n') and every prime dividing D exceeds L*> > L, (iv) implies
that (D, (D)) = 1. So, for a given choice of m, D, the number of choices for M is
at most

2

- 4xm(10Dgzlogx) .
We sum this expression for D satisfying (5) and m < x'/*/L and so get that the
number of choices for n € &7(x) with p > x¥/*L is O(x(loglogx)/L). A similar
argument holds if p’ > x**L. We conclude that the number of cases where (vi) fails
is negligible.

For n = pm € </(x) we write m = mom; where m; is the largest squarefree
number with m, || m, and we similarly write m’ = mgym.

(vil) Forn € 4/(x), we may assume that P(o (m)) > L and P(o(m})) > L.

Assume for n € &7 (x) that the first condition in (vii) fails. (The argument for the
second condition will follow similarly.) By (iii) and (vi), pmy < x*/*L3. For given
choices of p and my we count the number choices of squarefree integers m; < x/pmy
with P(o(m;)) < L. For this, we use Lemma 2.1. Let u = log(x/pmy)/ log L. Since
pmy < /413, we have

log (x'/4/L? 1
. g(x / ) _ (%+0(1)) ogx ’
log L logloglog x
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so that

uloglogu = (1 + o(1)) /Togxlogloglogx = (1 + o(1))logL
as x — oo. Hence, we uniformly have that the number of choices for m; is at most

x
pmgLiTo)

as x — co. We now sum on p, my getting that the number of n € o/ (x) for which
P(o(my)) < Lis at most x/L'*°W as x — oo.

We now turn to the conclusion of the argument. We suppose that n € o/ (x)
and that (i)—(vii) hold. At the cost of doubling our count and letting # run up to
2xloglog x, we may assume that p > p’. (That p # p’ can be seen from (ii), (iv).)
By (vii), there is a prime r | o (m) with r > L. Thus, there is a prime ¢ | m with
g = —1 (mod r). This implies that ¢ > L, so that by (iv), ¢ { n’. Buto(n) = o (%),
so there is a prime power ¢ | n’ with £ # g and r | o(#). Note that, by (1),
Y 1/ < (logx)?/r. We have

n' = s(n) = ps(m) + o(m) =0 (mod &). (6)

Say ¢! = (¥, s(m)), so that p is in a residue class a(m) (mod #~). Also, (6) implies
that £' | o(m), so £ | m. Further, using (ii), (iii), and p > £, we may assume that
p > /. The number of such numbers n < 2xlog log x is at most

)IEDIDIDID DI

r>L q<x lex i) m‘_<x p=<2xloglogx/m
g=—1(mod r) |5 qt'lm p=a(m)(mod &%)
p>t

2xlogl logxlog1

<ZZZZZ xgglnjgx Z;;Z%
(log x)? log1 (log x)* log 1

> Z;;x ngqgjog ogx <« Xr:Xq:x ogx rqog ogx

x(logx)®loglogx  x(logx)’loglogx
<Y > < -

3

where we treated r,q,{,p as integer variables. This calculation along with the
previous cases finishes the proof.
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Trigonometric Representations of Generalized
Dedekind and Hardy Sums via the Discrete
Fourier Transform
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Abstract We introduce some new higher dimensional generalizations of

the

Dedekind sums associated with the Bernoulli functions and of those Hardy sums
which are defined by the sawtooth function. We generalize a variant of Parseval’s
formula for the discrete Fourier transform to derive finite trigonometric represen-
tations for these sums in a simple unified manner. We also consider a related sum

involving the Hurwitz zeta function.

Keywords Dedekind sums ¢ Hardy sums ¢ Bernoulli polynomials and functions

e Hurwitz zeta function ¢ Discrete Fourier transform
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1 Introduction

The classical Dedekind sum is defined for h € Z, k € N := {1,2,...} by

=3 (O)((2))

a (mod k)
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xp—1 ifx¢Z,

()= go, if x €2,

where {x} := x— | x| stands for the fractional part of x (cf. [9, 13]). If gcd(h, k) = 1,
then s(%, k) can be represented as

k—1
1 wa wah
=77 - —_ 1
s(h, k) 7 ;Zlcot( k )cot( . ) (1)
and
1 =1 wrh
= — - — . 2
s(h, k) > E_ rcot( P ) 2
20 (mod k)

The identities (1) and (2) were derived in 1933 by Rademacher [12] in order to
obtain a simple direct proof of the reciprocity formula for the Dedekind sums. See
also [13, pp. 18-25]. According to [1, p. 347], (1) was obtained earlier, in 1923
by Mellin. The identity (1) is also the starting point for various generalizations of
s(h, k). See, e.g., the papers of Beck [2], Dieter [8], Zagier [16].

It is known that (1) is a direct consequence of a variant of Parseval’s formula
for the discrete Fourier transform (DFT). See the paper of Almkvist [1, Sect. 6] and
the book by Beck and Robins [4, Chap. 7]. More specifically, consider a function
f 1 Z — C, which is k-periodic (periodic with period k), where k € N. We define
the DFT of f as the function f = .Z (f), given by

fy:= )" fl@e ™ (ner).

a (mod k)

Furthermore, if f; and f, are k-periodic functions, then their inner product is

()= ). fA@ha),

el
having the property
(fi.fo) = %(I? 5),
or equivalently,
Y f@hta=; Y F@he. 3)

a (mod k) a (mod k)
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Now, (1) follows by applying (3) to the functions

h=((4). #0=((4))

and using the fact that the DFT of the sawtooth function is essentially the cotangent
function.

It is the aim of this paper to exploit this idea in order to deduce similar finite
trigonometric representations for certain new generalized Dedekind and Hardy
sums, in a simple unified manner. Our results are direct applications of a higher
dimensional version of the identity (3), included in Theorem 2.1. We derive in
this way Zagier-type identities for new higher dimensional generalizations of the
Dedekind sums associated with the Bernoulli functions and of those Hardy sums
which are defined by the sawtooth function. Note that all finite trigonometric
representations we obtain contain only the tangent and cotangent functions, and are
special cases of the Dedekind cotangent sums investigated by Beck [2]. Therefore
the reciprocity law proved in [2, Theorem 2] can be applied for each sum.

Furthermore, we consider a related sum, studied by Mikolas [11], involving
the Hurwitz zeta function. We remark that (3) was used to evaluate some finite
trigonometric and character sums, but not Dedekind and related sums, by Beck
and Halloran [3]. We point out that the identity (2) can be obtained from (1) using
another general result (Lemma 4.2 in Sect. 4).

2 Properties of the DFT

We will apply the following general result.

Theorem 2.1. Let fi,....f,, be arbitrary k-periodic functions and let h; € Z,
ged(hy, k) =1 (1 <j < m), where m,k € N. Then

1 ~ ~
Z filarhy) -~ fin(@mhm) = % Z fi(ah') -+ fu(ah,),

ap,...,am (mod k) a (mod k)
ar+...+a, =0 (mod k)

where hj’ is the multiplicative inverse of h; (modk), that is hjhj'. = 1
(mod k) with 1 <j <m.

Proof. We only need some simple well-known facts concerning the DFT. See, for
instance, [15, Chap. 2], [4, Chap. 7]. The Cauchy convolution of the k-periodic
functions f; and f, is defined by

hepm:= Y  fladh@) = Y fil@phr—a) (el

ay,ap (mod k) a (mod k)
arj+ax=n (mod k)
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which is associative and commutative. Also,
fi®oh=hhb
More generally, if f1, .. ., f;, are k-periodic functions, then
Fh & &fn) = F (1) F(fn).
Recalling that

F(F () =k (=n) (n€Z),

which is valid for every k-periodic f, this yields

k(fi @ -+ ® fu) (=) = F(F(H) -+ F (fu)) ().

that is

Y A ) = Y A@h@e ™ (e 7).

ai,....apy (mod k) a (mod k)
ar+...+ay=—n (mod k)

For n = 0 we obtain

1 -~ ~
Yo Sl hala =1 Y0 i@ f(a). )
ai,...,ay (mod k) a (mod k)
ay+...+a, =0 (mod k)

Now the result follows from (4) by showing the following property: Let f be a
k-periodic function and let 4 € Z such that gcd(h, k) = 1. Then the DFT of the
function g defined by g(n) = f(nh) (n € Z) is g(n) = f(nk') (n € Z), where K’ is
the multiplicative inverse of & (mod k).

Indeed,

g(n): Z g(a)e—Zﬂian/kZ Z f(ah)e_Z”"“hh/"/K

a (mod k) a (mod k)

and since ged(h, k) = 1, if a runs through a complete system of residues (mod k),
then so does b = ah. Therefore,

g(n) — Z f(b)e—Znibh’n/k =f(nh/)

b (mod k)
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Corollary 2.1. Let fi and f, be k-periodic functions (k € N) and let hy,h, € Z,
gcd(hy, k) = ged(ha, k) = 1. Then

1

Y Alah)f(ahy) = % > A(=ahy)f(ah). ®)
a (mod k) a (mod k)

Proof. Apply Theorem 2.1 for m = 2. We deduce that

1

Z Sfilahy)fr(—ahy) = z Z ﬁ(ah’l)f;(ah’z)
a (mod k) a (mod k)

1 o~ —~
= > filahihbahihh)
a (mod k)

HD S ASAC

b (mod k)

by using the fact that if a runs through a complete system of residues (mod k), then
so does b = ah| k), since gcd(hih,, k) = 1. This gives (5) by setting hp := —h,. O
For hy = 1, h, = —1 from (5) we derive (3).

Corollary 2.2. Let f| and f, be k-periodic functions (k € N) and assume that f, or
f> is odd (resp. even). Let hy, hy € Z, gcd(hy, k) = ged(hy, k) = 1. Then

filampan) = XS Rah)Ba). ©)
>

a (mod k) a(mod k)

where s = 1 iffi or f> is odd, s = 0 if fi or f5 is even.

Note that if the function f is odd (resp. even), then f is also odd (resp. even). If
one of the functions fi, > is odd and the other one is even, then both sides of (6) are
Zero.

In this paper we will use the following DFT pairs of k-periodic functions.

Lemma 2.1. (i) Let k € N. The DFT of the k-periodic odd function f (n) = ((;(—1))
(neZ)is

Ay %Cot(%), if k{n,
fn) 0, if k|n.

(ii) Letk € Nandlet B, (r € N) be the Bernoulli functions (cf. Sect. 3.1). The DFT
of the k-periodic function f(n) = B, (%) (neZ)is
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oy [ () ke
Brk]_rv U( k | l’l,
where B, is the r-th Bernoulli number and cot™ is the m-th derivative of the
cotangent function.
(iii) Let k € N be even. The DFT of the k-periodic odd function f(n) = (—1)" ((%))
(neZ)is
. —Ltan (Z0),  if n# % (modk),
f(n) — 2 ( k ) . i
0, if n=3 (modk).

(iv) Let k be odd and let n (mod k) = n — k|n/k| be the least nonnegative residue
of n (mod k). The DFT of the k-periodic odd function

(_l)n (modk)’ lf k + n,

f(n)={0’ i

f(n) = itan (%n) (nez).

(v) Let k € N. Let F(s,x), ¢(s,x), and {(s) be the periodic zeta function,
the Hurwitz zeta function, and the Riemann zeta function, respectively (cf.
Sect. 3.3). For s > 1 the DFT of the k periodic function f(n) = F(s, %
(neZ)is

foy IR D F kR
k'S¢ (s), if k|n.
Here (i) and (iv) are well known. They follow, together with (iii) and (v), by easy

computations from the definition of the DFT. For (ii) we refer to [2, Lemma 6]. See
also [1, Sect. 6].

3 Applications

3.1 Generalized Dedekind Sums

We first derive the following higher dimensional generalization of the identity (1),
first deduced by Zagier [16, Th. p. 157], in a slightly different form, by applying
some other arguments.
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Theorem 3.2. Let k € N, m € N be even and let h; € 7, ged(hj, k) = 1

(1 <j < m). Then
() ()
ay ..., (mod k) k k

ar+...+a,=0 (mod k)

k-1
(=2 wah, wah,
= omx E cot f cot f . @)

a=1

Proof. Apply Theorem 2.1 for fj = ... = f,, = f, where f(n) = ((%)) (n € 7).
Use Lemma 2.1/(i). O

Note that if m is odd, then both sides of (7) are zero.

Corollary 3.3. Assume that m = 2. Let k € N, hj,h, € 7Z, gcd(hy, k) =
gcd(hy, k) = 1. Then

(D) =gz (7)) o

a=1

Ny

Identity (8) is the homogeneous version of (1) and is equivalent to (1).
Now consider the Bernoulli polynomials B,(x) (r > 0), defined by

xt o

te B.(x) ,
e —1 _Z I

r=0

Here
Bi(x) =x—1/2, By(x) = x> —x+1/6, B3(x) = x> —3x*/2+x/2 and B, := B,(0)
are the Bernoulli numbers. The Bernoulli functions x > B,(x) are given by
B,(x) = B,({x}) (xeR).
Note that
By (x) = ((v)) for x ¢ Z,
but

Bi(x) = —1/2 #0 = ((x)) forx € Z.



336 M.Th. Rassias and L. T6th

Forry,...,r, € N, hy, ..., h, € Z we define the higher dimensional Dedekind—
Bernoulli sum by

— (a1h — ah,
Srrorn (AL i k) = > B, (%)B( g ) ©9)

ay,....am (mod k)
ar+...+a, =0 (mod k)

In the case when m = 2 and by setting s, := —h, we obtain the sum
— (ah\ = (ah
Sra(h—hyk) ==Y B, (71) B, (72) (10)
a (mod k)

first investigated by Carlitz [7] and Mikolds [11]. See the paper of Beck [2] for
further historical remarks.

Theorem 3.3. Let k,m,r; € N be such that A :=r| + ...+ ry isevenand hj € 7,
ged(hj, k) =1 (1 <j < m). Then

B, ---B,,
St rm(hly ..,hm7k) = ki‘\—m-l-l
k—1
(=DA2r -1y (n—1) [ Tah} (1) (T4,
+ oy oo™ (T emte (TP

Note that if A is odd, then the sum in (11) vanishes. If A is odd and there is at
least one j such that r; > 3, then B,j = 0 and the sum (9) vanishes as well.

Proof. Apply Theorem 2.1 and Lemma 2.1/(ii) to the functions

=B, (%) (=j=m.

ad

Corollary 3.4 ([2, Corollary 7]). Letk,ri,r; €N, hy, hy € Z be such that r| + r;
is even and gcd(hy, k) = ged(hy, k) = 1. Then

— ah \ = ahy
2 B\ )BT
a (mod k)

— k—1
_ BrlBrz + (—1)(” VZ)/2}"1}"2 Cot(rl_l) ]Tahl C()t(rZ_l) ﬂah2
kritr—1 oritrafri+rn—l1 1 k k ’

a=
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3.2 Generalized Hardy Sums

The Hardy sums (known also as Hardy—Berndt sums) are defined for h € Z, k € N
as follows:

S(h, k) := Z (—1yetilan/kl,

a (mod k)
si(h,k) == Z (=l ((%))’
a (mod k)
o £ ()

soii= X 0 ()
a (mod k)

saho k)= Y (=D,

a (mod k)

ssthoby = Y (=1l ((%))

a (mod k)

Berndt and Goldberg [6] derived finite and infinite series representations for the
above sums. These identities were also obtained later by Sitaramachandrarao [14]
by using some different arguments. One could see [2, 6, 8, 14] for the history of
these sums as well as for further results on the Hardy sums, including reciprocity
formulas.

We define the following generalization of s, (h, k):

Ahy, ... k) == > (- ((%)) ((amkhm)).
a,, (mod k)

ap,...,
ar+...+a, =0 (mod k)

Theorem 3.4. Let k,m € N be even, hy,...,h, € Z, hy odd, ged(hj, k) = 1
(1 <j<m). Then

—1 m/2—1 h/ h/ h/
A ity = S 3 an (T Jeor (TR )eor ().

1<a<k—1

aFk/2

Proof. Let fi(n) = (—1)"((%)) and f;(n) = ((4)) (2 <,j < m). Apply Theorem 2.1
and Lemma 2.1/31),(iv). O
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Corollary 3.5. Assume that m = 2. Let k € N be even, hi,h, € Z, h; odd, and
gcd(hy, k) = ged(ha, k) = 1. Then

e () (2) - 5 () ()

aF#k/2

In the case m = 2, hy = 1, h, = h we obtain the following corollary, cf. [6,
Eq. (14)], [14, Eq. (7.3)].

Corollary 3.6. Ifk € Nis even, h € Z, gcd(h, k) = 1, then

1 wah a
hk) = —— tan [ 2 cot (Z2).
$2(h. k) 4kl<;_l an(k)co<k>
“a#k)2

Next, we define the following common generalization of sy (h, k), s3(h, k) and
s5(h, k), as follows.

h mPm
B(hy, ..., hy k) = Z (_1)“1h1+kLa1h1/kJ ((a_zkz))...((ak )) .
a a, (mod k)

Taeeny
a1#£0 (mod k)
a;+...+a, =0 (mod k)

Theorem 3.5. Let k € N be odd, m € N be even, h; € Z, gcd(hj, k) = 1

(1 <j<m). Then
wah
. .

_1 m/2 k—1 h/ h/
B(hl""’hm;k) = (zmzlk Ztan(m]i I)C()t(j-”;C 2) <. cot

S~

a=1

Proof. Apply Theorem 2.1 to the following functions:

)= modk) = if k 4 n,
fl(m_{o, if k| n,
fm=((3)) e=i=m
and also Lemma 2.1/(iv). O

Corollary 3.7. Assume that m = 2. Let k € N be odd, hy,h, € 7Z, h; odd,
gcd(hy, k) = ged(hy, k) = 1. Then

k—1 k—1
h 1 mah mah
_1)atLahi/k] any _ 2 Yy
E (=1 . T E tan . cot .

a=1 a=1
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For m = 2 in the special cases h; = 1, h, = hand h; = h, h, = 1, respectively,
we obtain the identities, cf. [6, Egs. (15), (17)], [14, Egs. (7.4), (7.6)], as follows:

Corollary 3.8. Ifk € Nisodd, h € Z, gcd(h, k) = 1, then

sahk) = o Ztan( ah) cot (%) . (12)

Ifk € Nisodd, h € Z is odd, gcd(h, k) = 1, then

1 & wa wah
Ss(h, k) = ﬁ E tan (7) cot (T) .
a=1

Corollary 3.9. Assume that m = 2. Let k € N be odd, hi,h, € 7Z, h; even,
gcd(hy, k) = ged(hg, k) = 1. Then

> () = 5 o (T o (752

For m = 2 in the special case h; = h even, h, = 1 we obtain the identity, cf. [6,
Eq.(13)], [14, Eq. (7.2)], as follows.

Corollary 3.10. Ifk € Nisodd, h € Z is even, gcd(h, k) = 1, then

k—1
1 Ta mah
S[(h, k) = i{ E tan (7) cot (T) . (13)
a=1

Note that the Hardy sums S(#, k) and s4(%, k) can also be treated with the DFT in
the case when £ is odd. For example, applying Corollary 2.2 to the functions

(—1)"moab - if k4 op,

filn) = fo(n) = {0, ik

we obtain the following representation.

Corollary 3.11. Ifk € Nis odd, hy, h, € Z, gcd(hy, k) = ged(hy, k) = 1, then

ahy+hy) (mod k) _ wah wah;
Z( 1) Zt ( ) ( p ) (14)

If h, = 1 and h; = h is odd, then the left-hand side of (14) is exactly s4(h, k).
See [6, Eq. (16)], [14, Eq. (7.5)]. If h;y = h, = 1, then (14) provides the following
classical identity, valid for k € N odd, cf. [3, Proposition 3.1]:
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Remark 3.1. For k odd, h even, the formula [6, Eq. (13)] receives the following
representation:

k . .
si(h, k) = —% Z cot (%) cot (%) ,

iz
JA+1)/2

which can easily be transformed into

1 2 j whj
S](h, k) = E ; tan (7) cot (T)

that is equal to the right-hand side of (13). Similar considerations are valid for the
corresponding formulas on the Hardy sums s4(%, k), s5(h, k), and S(h, k).

Remark 3.2. The finite sum identities (7.1)—(7.3), (7.5), and (7.6) from the paper
[14] contain some misprints. Namely, in formulas (7.1) and (7.5) the sum Zf:l

should be Zle, while in (7.2) and (7.6) the sum Zf;i’r#kﬂ)/z should be
Zf;“#(k +1)/2> the missing terms being nonzero. Furthermore, in formula (7.3) the
sum Zf;ll should be er{:u;ék /2» the term for r = k/2 (namely tan(rr/2)) being
not defined.

One could possibly investigate some further higher dimensional generalizations
and analogues of the Hardy sums involving the Bernoulli functions, however we do
not discuss this in the present paper.

3.3 Sums Involving the Hurwitz Zeta Function

Theorem 2.1 and its corollaries can be applied in several other situations as well.
For example, let

— 1
00 =2 Gy

be the Hurwitz zeta function, where 0 < x < 1 and {(s, 1) = {(s) is the Riemann
zeta function. The function



Generalized Dedekind and Hardy Sums 341

k—1
Cl/’l[ Cl/’lz
D(h’k):z é'(S’%_é é'(S’%_é ,
Gy

investigated by Mikolds [11], is an analogue of the Dedekind sum (10), taking into
account that

B,(x) =—nt(l1—n,x) (neN,0<x<1).

Let

0 2mwinx
Fs.x)i= Y & — (eB) (15)

n=1

be the periodic zeta function, which converges for s > 0 if x ¢ Z and for Rs > 1
ifx € Z.
Applying Corollary 2.1 to the functions

fity =F(s.7) ez 1=j=2).

we deduce by Lemma 2.1/(v) the next new result.

Theorem 3.6. Letk € N, hy,h, € Z, gcd(hy, k) = ged(hy, k) = 1 and let 51,5, €
C, Ns1, Ny > 1. Then

k—1
DK = (271 — 1) (s0)8(s2) + K21 SO F (s,, “kﬁ) F (sZ,—ﬂ) .
a=1

4 Some Further Remarks

The following simple and useful result can be applied to obtain infinite series
representations for the Dedekind and Hardy sums.

Lemma 4.2. [ff : N — Cis a k-periodic (k € N) odd function, then

. 2. f(r) 7 L r
i
= TN . (17)

— 7

r=1
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For the Dedekind sum, (2) is a direct consequence of identities (16) and (1). As
another example, (16) and (12) imply that for k£ odd, gcd(h, k) = 1, one has

gy | nrh
h k) =— —t — .
s3(h, k) anan(k)

r=1

One could see [6, Theorem 1], [14, Theorem 7.1] for the above formula as well
as for similar representations regarding Hardy sums.

Identity (16) of Lemma 4.2 was proved in [14, Lemma 2.1] by applying results of
Lehmer [10] on the generalized Euler constants y(r, k) associated with the infinite
arithmetic progression r, r + k,r + 2k, ... (1 < r < k), where

. 1 1
y(r,k) := xl_l)rgo E i log x
1<n<x
n=r (mod k)

Berndt [5] deduced (17) by contour integration (with a different definition of
the DFT). The fact that the finite sums (16) and (17) are equal provides another
simple consequence of Corollary 2.2, applied to the odd functions f : N — C and

> ((3)).

Furthermore, according to [10, Theorem 8], if f is a k-periodic function, then

k
S() =Y _f(R)y(r.k).

r=1

provided that Zle f(k) = 0, representing a necessary and sufficient condition for
the convergence of the series S(f) (which holds if f is a k-periodic and odd function).
We note that the DFT of the k-periodic function r — y(r, k) is

F(l,=1), ifktr

y(r k) =
v, if k|r

(cf. [10, p. 127]), where F(s, x) is the periodic zeta function defined by (15) and
y = y(0,1) is Euler’s constant. Therefore, we deduce by Corollary 2.1 the next
identity.

Corollary 4.12. Iff : N — C is a k-periodic (k € N) odd function, then

S(f) = —% kif(r)F (1, —%) .
r=1
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characters modulo m, while Z* denotes that y runs over the primitive characters
x mod m
modulo m. || ... || denotes the distance to the nearest integer and e(f) = exp(2irnt).

In [1] we presented a possibly complete list of the papers written on arithmetic
properties of sumsets, and we studied several further problems of this type. This
paper is the multiplicative analogue of Balog et al. [1]: our goal is to present the
possibly complete list of the papers written on arithmetic properties of products
and shifted products. Note that when we are looking for the multiplicative analogue
of a problem on a certain arithmetic property of sums a + b with a, b taken from
“large” sets <7, % of integers, then the most natural way is to replace a + b in the
given problem by the product ab. However, if the arithmetic property studied is of
multiplicative nature, then the problem obtained in this way is usually trivial; in such
a case, one may help by taking shifted products ab + 1 instead of the products ab.
For example, Erdss et al. [11] proved that if o7, Z are large subsets of {1,...,N}
then the sums a + b with a € o/, b € % satisfy an Erdgs—Kac type theorem,
i.e., the distribution of (w(a + b) — loglog N) /(loglog N)'/?can be approximated
by the normal distribution (see also [8] and [38]). If we replace w(a + b) by w(ab),
then we do not get an interesting problem, since because of the additivity of the w
function we may separate a and b in w(ab): w(ab) = w(a) + w(b) if (a,b) = 1. On
the other hand, considering w(ab + 1) instead of w(ab), again we get an interesting
problem; indeed, Elliott and Sarkozy [9] showed that the shifted products ab + 1
also satisfy an Erd6s—Kac type theorem.

The first problem on arithmetic properties of (shifted) products was studied by
Diophantus more than 2000 years ago. He asked the following question: how many
positive integers a; < ap < --- < @ can be given so that a;a; + 1 is a square for
all 1 < i < j < k? Fermat and Euler also studied this problem, and finally Dujella
[7] settled this problem in 2004. In the last 50 years many further papers have been
written on arithmetic properties of products and shifted products: [2—4, 9, 12, 15—
17, 17-22,27-37].

In this paper we will study two further problems on arithmetic properties of
products and shifted products. First in Sects.2 and 3 we will show that the sum
of digits of the products ab witha € o7, b € % (where o/ and Z are large subsets of
{1...,N})is well distributed, and then in Sects. 4 and 5 we will study the following
question: how large can be the subsets o7, % of {1,..., N} with the property that
ab + 1 is squarefree for every a € o7, b € %?

2 The Sum of Digits of Products ab

Let ¢ = 2 be an integer. Every integer n > 0 can be written uniquely in base g:

n= anqk

k=0
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where the digits n, € {0,...,q — 1}. The sum of digits function s,(n) is then
defined by

sq(n) = Z ng.

k=0

The sum of digits function appears in many mathematical problems (see [23] for
a survey of these questions). Gelfond [14] proved that the sum of digits function
is well distributed over arithmetic progressions and conjectured that a similar
result holds true over the prime numbers and over polynomial sequences. Recently
Mauduit and Rivat proved Gelfond’s conjecture for any basis ¢ = 2 both for the
prime numbers [25] and for the squares [24], while Drmota, Mauduit and Rivat [6]
managed to prove Gelfond’s conjecture for polynomials for a sufficiently large basis
¢ (depending on the degree of the polynomial).

In this paper our aim is to prove the analogue of these results for products ab
witha e o C{1,...,N}andb € & C {1,...,N}, namely

Theorem 2.1. For any integer q = 2 there exists an explicit constant ¢, > 0
[see (4)] such that for any subsets o/, B of {1, ..., N} we have

D7 Y elasy(ab))| < NOelebal 1og (M
a€ol beRB
uniformly for a € R, where || - || denotes the distance to the nearest integer and

e(r) = exp(2irnt).

(It follows from this theorem that if m grows “slowly” in terms of ¢ and N, then the
numbers s, (ab) are well distributed modulo m.)

3 Proof of Theorem 2.1

It follows from Proposition 3.2 of [5] (which is a variant of Proposition 1 of [25])
that there exists § > 0 such that, uniformly for all complex numbers a,, and b,, with
|am| < 1and |b,| <1, and all € R we have

YooY anbae(as,mm)| K, (u ) gl )

gl <m<gh ¢*—1<n<g¥
whenever u and v are positive integers satisfying

1 2
- —06< o < - +46, 3)
3 nw+v 3
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where

1 . 4 72 qg—1 @
C, := — min Wy, ——mm | .
7708 12 (g+ 1)loggq

with

Wy = forg = 3.

| log(2+ V2) 3 log5) log2
—_ w, = —_—— —_
2log?2 ? 2 log3 ) logg

If o7, A are subsets of {1,..., N}, we can define
o' = A NIN"T N, B =B0NN"T N

Then

373 e@sg@) =Y Y elwsy(ab)) + O,

a€of bER a€dl’ beAB'
Observing that ||(g — D> < JT we deduce that in (1) we may replace <7 by <7’
and # by ' at the price of a negligible error term. Therefore from now on we may
assume that
o C[N“H.N), BcC[NTEN. (5)
For positive integers 1 and v we define

dy=d N[+ 1,4, B =20[""+14".

We have

i v
of = U%, %:U%

w=l[to v=1g

with

cq\ logN logN
Mo =vo =1+ (1——q) £ v M= = 22
4/ loggqg log g

Hence for N large enough

1< Po KM <g
3 mi4+vi o p4+v o pug+ve 3
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which implies that condition (3) is satisfied (actually for any § > 0). It follows that
we can apply (2) with

| lifme g, | b — l1ifne %B,,
™71 0otherwise. = " | 0 otherwise.
We obtain
DD elarsy@b))| < o+ v) gy, ©

a€ ol bERB,

We have for all 8 € (0, 1)

M1 V1
Z g < gtme <, N, Z g"f < gttve <, N,
1= v=vo
and L + v < p1 + v <K log N. Using these estimates with 6 = 1 — ¢,/ (g — D ||?
together with (6), we can sum non-trivially over n and v and obtain

M1 1
<Y DD D elasy(ab))

H=[Lo V=V0 |a€2f), bERB,

> e(as,(ab))

a€of bEA

<<q NZ(l—cq||(q—l)a||2) IOg N.

which is (1).

4 Squarefree Shifted Products

ErdGs and Sarkozy [10] studied the following problem: how large can a subset &7 C
{1,...,N} be with the property that a + a’ is squarefree for alla € &7, d' € &/ ?
They proved the following results:

Theorem A For N > N there exists a subset <7 C {1,...,N} such that

1
|| > — log N
248

and a + d' is squarefree foralla € o, d' € .

Theorem B IfN > Ny, &/ C {l,...,N} and a + d’ is squarefree for all a € <,
a € o/, then we have

|| < 3N/*1logN. (7
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Next we will study the multiplicative analogue of this problem in the more
general form that we take two subsets o7, Z C {1,...,N} such that the shifted
products ab + 1 are squarefree for all a € o7, b € %, and the question is that how
large is M(N) = max .,  |</| |Z|for subsets &7, &8 with these properties? We will
prove the following theorem in Sect. 5:

Theorem 4.2. I[f N > N,, o/, C {1,...,N} and ab + 1 is squarefree for all
ac€ o, be B, then we have

min(|.<7| , | 2|) < 2N**logN. (8)

Note that for o7 = £ this gives

|| < 2N3/*1ogN.
(Compare this with (7) in the additive case.)

It is stated in [10] (without proof) that for N — oo there exist sets </, B C
{1,...,N} such that |<7| || /N — oo and the sums a + b witha € &/, b € A
are all squarefree. Indeed, with some work one can construct such sets </, & with
|| > N, |#| > logN. In the case of shifted products we have not been able to
prove such a result. If we take o = {n : 1 < n < N, n + 1is squarefree and

A = {1}, then we have ||| LB = (1 + 0(1))%N and ab + 1 is squarefree for all
a € 4, b e A, thus trivially we have

6
1+ o(l))—zN < M(N).
b4
On the other hand, by Theorem 4.2 we have
M(N) <2N""*logN.

There is a large gap between these lower and upper bounds. We think that the trivial
lower bound is closer to the value of M(N) and, perhaps, there are ¢y, c; > 0 with

N(log N)®" < M(N) < N(log N)®2.

5 Proof of Theorem 4.2

Theorem B was proved by using the large sieve with prime square moduli. Instead,
here we will use Gallagher’s (multiplicative) character version of the large sieve
[13]. Using the large sieve with optimal constants [26], Gallagher’s sieve becomes
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Lemma5.1. Fort > 1, M € Z, N € N and any complex numbers cy+1, Cyi+2,- - - »
cv+N we have

X L | MAN 2 M+N
2ooi 2| 2 ] SW=147) Dl
k<t ¢ x mod k [n=M+1 n=M+1

Now assume that contrary to the statement of Theorem 4.2 we have
min(|.<7| , | 8|) = 2N**log N, )

however, ab + 1 is squarefree for all a € o/, b € A.
Then for every prime p we have

0:|{(a,b):ae,d, be A, ab+1 EOmodp2}|

= w(;z) > T xab),

X mod P2 a€ol beRB
so that
=D DD qolaby == " F(=1) DD xlab),
a€ol bEAB x mod p? ac€ol bEAB
XF X0
i.e.

{(a.b), a€ e, be B, (abp)=1}|=— Y 7(=D)Y x@ xb),

x mod p? acol beRB
1F X0

whence

{(a,b), a€ o, be B, (ab,p) =1} < Z

x mod p?
XF X0

> x(@

ac€gl

> xb)

beRB

(for every p). Write Q = N'/*. Then consider this inequality for every p with Q/2 <
p < @, and add these inequalities. Denoting the sum on the left-hand side by S,
we get

S= Y [ab).aco. beRB. (ab.p) =1} (10)
0/2<p<Q

<2

0/2<p<Q y mod p?
XF X0

> x(@

=y

> xb)

beRB
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By (9) and the prime number theorem we have
S= Y [ab).aco. be B (ab.p) =1} (11
0/2<p=<Q
> Y [@b).aco, be B
0/2<p<Q
—{(a.b), ae . be B p|bl|l-[ab),acd beB p]|ajl

> || 12 ((Q) - 7(@/) — 3. (|%|§+|@|%V)

0/2<p<Q

> |11 8| (2(Q) — 7(Q/2)) — (7] + | B)) Qi/z(n@ (/)

= (111%8] = 2(|| + | B) N*'*) (x(Q) — 7 (Q/2))

Q N1/4

= +o(1) || |2# Tog0/2 ~ 2+ o(1)) ||| logN'

On the other hand, it follows from (10) by the Cauchy—Schwarz inequality that
1/2 1/2

s<| Y 2 | x@ > 2 Zx(b)2

0/2<p<Q y mod p? lac </ 0/2<p<Q y mod p? 1b€#
XF X0 XF X0

2
(12)

< §'7s!?

where
2

Ser =2, ).

P<Q y mod p?
XF X0

> x@

acol

and S is defined similarly with & in place of <. A non-principal character y
modulo p? is not primitive character modulo p? if and only if it is a primitive
character modulo p. Thus we may rewrite and estimate the sum S, in the following
way:
2 2
*
+2 |2 1@

Se =Y 372 2@

P<Q \y mod p? la€o/ y mod p laeo/
2
k *
<D om |2 @]
k<Q? x mod k |a€af
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This sum can be estimated by using Lemma 5.1 (with¢, = lifn € & andc, =0
if n ¢ 7). Then we get that

S S(N=1+0% > 1 <2N|A|, (13)
acof

and in the same way we get
S# < 2N |B|. (14)

It follows from (11), (12), (13) and (14) that

1/4

N
2+ o) || |%] < S <2N(jAl|B)"?.

logN
whence
(A 1BD"* < (1 + o(1))N**1ogN,

which for N large enough contradicts our indirect assumption (9), and this completes
the proof of Theorem 4.2.
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Narrow Progressions in the Primes

Terence Tao and Tamar Ziegler

To Helmut Maier on his 60th birthday

Abstract In a previous paper of the authors, we showed that for any polynomials
Pi,...,P, € Zm] with P(0) = ... = P;(0) and any subset A of the primes in
[N] = {1,...,N} of relative density at least § > 0, one can find a “polynomial
progression” a + Py (r), ...,a + Pi(r) in A with 0 < |r| < N°if N is sufficiently
large depending on k, Py, ..., P; and §. In this paper we shorten the size of this
progression to 0 < |r| < logl' N, where L depends on k, Py, ..., P, and §. In the
linear case P; = (i — 1)m, we can take L independent of §. The main new ingredient
is the use of the densification method of Conlon, Fox, and Zhao to avoid having to
directly correlate the enveloping sieve with dual functions of unbounded functions.

1 Introduction

1.1 Previous Results

We begin by recalling the well-known theorem of Szemerédi [18] on arithmetic
progressions, which we phrase as follows:

Theorem 1.1 (Szemerédi’s Theorem). Let k > 1 and § > 0, and suppose that N
is sufficiently large depending on k, 8. Then any subset A of [N] ;== {n € Z : 1 <
n < N} with cardinality |A| > 6N will contain at least one arithmetic progression
a,a+r,...,a+ (k—1)roflengthk, withr > 0.
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In fact, by partitioning [N] into intervals of some sufficiently large but constant
size L = L(k,§) and using the pigeonhole principle, one can ensure that the
progression described above is “narrow” in the sense that r < L(k, §).

In [10], Szemerédi’s theorem was relativized to the primes P = {2,3,5,7,...}:

Theorem 1.2 (Szemerédi’s Theorem in the Primes). Let k > 2 and § > 0, and
suppose that N is sufficiently large depending on k, 8. Then any subset A of [N] N P
with |A| = §|[N]NP| will contain at least one arithmetic progression a,a+r, . ..,a+
(k— V)r of length k, with r > 0.

In particular, the primes contain arbitrarily long arithmetic progressions.

The proof of Theorem 1.2 does not place a bound on r beyond the trivial bound
r < N.In contrast with Theorem 1.1, one cannot hope here to make the step size r of
the progression as short as L(k, §). Indeed, as observed in [1], if N is large enough,
then from [8, Theorem 3] one can find a subset A of [N] N P with |[A| > %|[N] NP|
(say) such that the gap between any two consecutive elements of A is > clog N for
some absolute constant ¢ > 0, which of course implies in this case that » must be
at least clog N as well. Indeed, one can improve this lower bound to log*"! N by a
small modification of the argument:

Proposition 1.1. Let k > 2, let ¢ > 0 be sufficiently small depending on k, and
suppose that N is sufficiently large depending on k. Then there exists a subset A of
[NINP with |A| > |[N]NP| such that A does not contain any arithmetic progression
a,a+r,....,a+ (k—1)roflength k with0 < r < glog""' N.

Proof. For any 0 < r < elogt™' N, let N, denote the number of a € [N] such that
a,a+r,...,a+ (k— 1)rare all prime. By the union bound and the prime number
theorem, it will suffice to show that

1 N
Y msj
2logN

O<r<slogt=' N

(say), since one can then form A by removing all the elements a in [N] N IP that are
associated with one of the N,. But from standard sieve theoretic bounds (see, e.g.,
[12, Theorem 5.7]) we have

N
N, < C® (k. 1) ——
log" N

where C; depends only on & and &(k, r) is the singular series!

k
Bk, r) = ]‘[(1—%) (1 —””—(r)) (1)

» p

' All sums and products over p in this paper are understood to be ranging over primes.
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and v,(r) is the number of residue classes a € Z/pZ such that at least one of a,a +
.,a~+ (k— 1)ris equal to 0 mod p, so it suffices to show that

> &k.r) < M
O<r<M

for any M > 1 (we allow Cj to represent a different k-dependent constant from
line to line, or even within the same line). One could obtain precise asymptotics on
the left-hand side using the calculations of Gallagher [7], but we can obtain a crude
upper bound that suffices as follows. From (1) we see that

1
&(k,r) < Crexp Ckz -

plr

and hence by [19, Lemma E.1]

log p

Bk <Gy

plr

and thus

> &k r)<CkZlog pA—/I<CkM

O<r<M

as required.

In the converse direction, if we use the “Cramér random model” of approximating
the primes P N [N] by a random subset of [N] of density 1/logN, we can
asymptotically almost surely match this lower bound, thanks to the work of Conlon-
Gowers [5] and Schacht [17]:

Proposition 1.2. Letk > 2 and §,c > 0, let C > 0 be sufficiently large depending
on 8, k, and suppose that N is sufficiently large depending on k, 8, e. Let P C [N] be
chosen randomly, such that each n € [N] lies in P with an independent probability
of 1/ log N. Then with probability at least 1 — &, every subset A of P with |A| > §|P|
will contain an arithmetic progression a,a + r,...,a + (k — 1)r of length k with
O0<r< Clogk_lN.

We remark that a modification of the argument in Proposition 1.1 shows that we
cannot replace the large constant C here by an arbitrarily small constant ¢ > 0.
Proof. We partition [N] into intervals Iy, ..., 1, of length between & log"_] N and
Clogk I'N, thus m < azT‘N For each 1nterva1 I;, we see from [17 Theorem 2.2]

or [5, Theorem 1.12] that with probability at least 1 — 10, every subset A; of P N [;
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with |A;| > g|P N 1;| will contain an arithmetic progression of length at least k. Call
an interval I; bad if this property does not hold, thus each I; is bad with probability
at most 8¢/10. By linearity of expectation followed by Markov’s inequality, we

conclude that with probability at least 1 — ¢, at most 5C108g+1N of the I; are bad.

Then if A C P is such that |A| > §|P|, then at most %|P| of the elements of A
are contained in bad intervals, so from the pigeonhole principle there exists a good
interval /; such that [A N [;] > §|P N I;], and the claim follows.

It is thus natural to conjecture that in Theorem 1.2 one can take 7 to be as small
as logt=1+eM

Remark 1.1. If one seeks progressions inside the full set P of primes, rather than
of dense subsets of the primes, then the Hardy-Littlewood prime tuples conjecture
[13] predicts that one can take r to be of size Ox(1); indeed, one should be able
to take r to be the product of all the primes less than or equal to k. In the case
k = 2, the claim that one can take r = O(1) amounts to finding infinitely many
bounded gaps between primes, a claim that was only recently established by Zhang
[20]. For higher k, the claim r = O(1) appears to currently be out of reach of
known methods; the best known result in this direction, due to Maynard [15] (and
also independently in unpublished work of the first author), shows that for any
sufficiently large R > 1, there exist infinitely many intervals of natural numbers
of length R that contain > clog R primes for some absolute constant ¢ > 0, but this
is too sparse a set of primes to expect to find length k progressions for any £ > 3.

We now consider generalizations of the above results, in which arithmetic
progressions a,a + r,...,a + (k — 1)r are replaced by “polynomial progressions”
a+ Pi(r),...,a+ Py(r). More precisely, let Z[m] denote the ring of polynomials
of one indeterminate variable m with integer coefficients. Then Bergelson and
Leibman [3] established the following polynomial version of Theorem 1.1:

Theorem 1.3 (Polynomial Szemerédi’s Theorem). Let k > 1, let Py, ..., Py €
Z[m] be such that P1(0) = ... = Pi(0), let § > 0, and suppose that N is sufficiently
large depending on k, Py, ..., Py, 8. Then any subset A of [N] with cardinality |A| >
SN will contain at least one polynomial progression a + Pi(r),a + P,(r),...,a +
Pi(r) withr > 0.

Of course, Theorem 1.1 is the special case of Theorem 1.3 when P; = (i —
1)m. As with Theorem 1.1, a partitioning argument shows that we may take r <
L(k, Py, ..., P, &) for some quantity L depending on the indicated parameters. The
polynomial analogue of Theorem 1.2 was established by the authors in [19]:

Theorem 1.4 (Polynomial Szemerédi’s Theorem in the Primes). Ler k > 2, let
Pi,...,Py € Z|m] be such that P1(0) = ... = P(0), &,6§ > 0, and suppose
that N is sufficiently large depending on k, Py, ..., Py, 8,¢c. Then any subset A of
[N] N P with |A| > §|[N] N P| will contain at least one polynomial progression
a+ Pi(r),a+ Py(r),...,a+ Py(r) with0 < r < N°.
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In particular, this implies Theorem 1.2 with a bound 0 < r < N°(,

Remark 1.2. The condition P;(0) = ... = P;(0) in Theorem 1.3 can be relaxed to
the property of intersectivity (that Py, ..., Py have a common root in the profinite
integers Z = limeo«, Z/m7Z); see [4]. It is not yet known if Theorem 1.4 can
similarly be relaxed to intersective polynomials, except in the k = 2 case which was
established in [14]. We will not pursue this matter here.

1.2 Main New Result

Our main result is to improve the bound on the r parameter in Theorem 1.4 to be
polylogarithmic in size:

Theorem 1.5 (Short Polynomial Progressions in the Primes). Let k > 2, let
Pi,..., Py € Zm] be such that P1(0) = ... = Py(0), &,6 > 0, and suppose
that N is sufficiently large depending on k, Py, ..., Py, 0,&. Then any subset A of
[N] NP with |A| > §|[N] N P| will contain at least one polynomial progression
a+Py(r),a+ Py(r),...,a+ Py(r) withO < r < logk' N, where L depends only on
k,Py, ..., Py 6.

In particular, there are infinitely polynomial progressions a + P;(r),a +
P5(r),...,a + Pi(r) consisting entirely of primes with 0 < r <« logla, with
L now depending only on k, Py, ..., P;. This is new even in the case of arithmetic
progressions a,a + r,...,a+ (k— Dr.

A modification of the proof of Proposition 1.1 shows that some power of log N is
needed in the upper bound on  in Theorem 1.5. However, we do not know what the
optimal value of L is; our argument for general Py, ..., P; uses the PET induction
method [2], and as such L will grow rapidly with the degrees of the Py, ..., P;. The
dependence of L on § occurs for technical reasons, and we conjecture that one can
in fact select L to be independent of §; we can verify this conjecture in the arithmetic
progression case P; = (i— 1)m, and in fact we can take the explicit value L := Ck2F
in this case for some fixed constant C (actually C = 3 would already suffice). We
discuss this explicit variant of Theorem 1.5 in Sect. 7. Propositions 1.1, 1.2 suggest
that we should in fact be able to set L = k — 1 4 ¢ in these cases, although our
methods do not seem strong enough to achieve this, even in the k = 3 case.

It is possible that one might be able to directly modify the arguments in [19]
(which are in turn based on those in [10]) to establish Theorem 1.5; the main
technical difficulties in doing so are the need of having to correlate the enveloping
sieve with dual functions of unbounded functions and verifying the “correlation
condition” required in that argument, in the setting when r is as small as log" N (and
the argument appears to have no chance of working when L is independent of §). On
the other hand, the need for the analogous correlation and boundedness conditions
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in [10] to prove Theorem 1.2 were recently removed” by Conlon et al. [6], using
a new method which they refer to as “densification”. We will be able to combine
the densification method with the arguments in [19] to establish Theorem 1.5. As a
consequence, we also obtain a slightly different proof of Theorem 1.4 than the one
in [19], in which the (rather complicated) verification of the correlation condition is
no longer necessary, but the densification arguments of Conlon, Fox, and Zhao are
inserted instead.

2 Preliminary Reductions

We now begin the proof of Theorem 1.5. We use the following asymptotic notation.
We let N’ be an asymptotic parameter tending to infinity along some sequence
N’ = N; of natural numbers. All mathematical objects in this paper are implicitly
permitted to depend on N, unless they are explicitly designated to be fixed, in which
case they are independent of N'. We use X = O(Y), X < Y, or Y > X to denote
the estimate |X| < CY for some fixed C, and X = o(Y) to denote the estimate
|X| < ¢(N')Y where ¢(N') — 0 as N — oo. Our statements will be implicitly
restricted to the regime in which N’ is sufficiently large depending on all fixed
parameters.

Suppose for the sake of contradiction that Theorem 1.5 failed. Carefully negating
the quantifiers (and relabeling N as N’, for reasons that will be clearer later), we
conclude that we may find a fixed k > 2 and fixed polynomials Py, ..., Py € Z[m|]
with P1(0) = ... = P(0), fixed § > 0, a sequence N’ = N of natural numbers
going to infinity, and a set A = Ay» C [N, 2N’] N P such that

Al = 8IIN] N P|

and such that for any fixed L > O, there are no polynomial progressions a +
Pi(r),a+ Py(r),...,a+ Pi(r) in A with 0 < r < logl' N’ (recall that we assume N’
sufficiently large depending on fixed quantities such as L).

The first few reductions are essentially the same to those in [19]. We begin with
the “W-trick” from [10] to eliminate local irregularities modulo small primes. We let
w = wyr be a sufficiently slowly growing function of N’; for instance, we could take

2The “dual function condition” that the dual function of the enveloping sieve is bounded already
failed in the arguments in [19], which was a significant cause of the complexity of that paper due
to the need to find substitutes for this condition (in particular, the correlation condition became
significantly more difficult to even state, let alone prove). But the arguments in [6] do not require
any version of the dual function condition at all, leading to some simplifications in the current
argument over those in [19].
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W= % logloglog N’ as in [19] for the sake of concreteness, although the precise
value of w is unimportant. We then define the quantity

W .= l_[p

p<w

(5]

From the prime number theorem® we have

and the natural number

|A| > W
logN

and all elements of A larger than +/N (say) are coprime to W. Thus, by the
pigeonhole principle, we may find b € [W] coprime to W (and depending on N’
of course) such that

NW

{n e [N]:nW+be A} > W,

where ¢ denotes the Euler totient function.

The domain [N] is not quite translation invariant. In order to eliminate this
(minor) difficulty, we will follow [19] and work instead in the cyclic group X :=
Z/NZ using the obvious embedding ¢ : [N] — X. We give this space the uniform
Haar probability measure, thus

[r=5 T

x€X

for any f : X — R. We also define shift maps 7"f : X — R for any 4 € Z by
T"f(x) := f(x + h);
clearly we have the identities
T'T'f =T
T'(fg) = (T"f)(T"g)
[ =k
X

forany h,k € Z and f, g : X — R. We will use these identities frequently without
further comment in the sequel.

3 Actually, the weaker lower bound 7(x) 3> =~ of Chebyshev would suffice here.

logx
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We will need a fixed quantity €y > 0 (depending only on k, Py, ..., Py) to be
chosen later. We define the function f : X — R by the formula

6_0¢(W) log N

fe) = T

l[N—JN]\[JN] (n)lA(nW + b) 2)
for n € [N], where 1, denotes the indicator function of A; the reason for the
normalizing factor £ is so that f can be dominated by an enveloping sieve v, to

10
be defined later. We then have

/f > 1, 3)
X

where we allow the implied constants here to depend on the fixed quantities §
and €.
Now let L > 0 be a sufficiently large fixed quantity (depending on

k,P1,..., Py, 8)to be chosen later. We will need the “coarse scale”
M :=logEN 4)
which will basically be the domain of interest for the polynomials P, ..., Py, and

the “fine scale”
H = log‘/ZN ,

which will basically be the scale used for various applications of the van der Corput
inequality. Note in particular that any quantity of size O(H?®") /M) will also be
o(M) if the implied constants do not depend on L, and L is large enough.

By hypothesis, if N (or N) is large enough, then the set A contains no polynomial
progressions of the form a 4+ Py (Wm), ..., a + Pr(Wm) with m € [M]. In particular,
we see that

A(f,....f)=0 5)
where A is the k-linear form
A(fl» o nﬁc) = EmE[M] / TPl(Wm)/Wf1 o TPlc(Wm)/Wﬁ< (6)
X
for k functions fi, ... ,fr : X — R, and we use the averaging notation

Euenf(a) := IfI\_I > fla).

a€A
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Note that there are no “wraparound” issues caused by the embedding into Z/NZ,
due to our removal in (2) of the elements n € [N] that are less than /N or larger
than N — +/N.

On the other hand, using the (multi-dimensional) polynomial Szemerédi theorem
of Bergelson and Leibman [3], we have the following quantitative version of
Theorem 1.3:

Theorem 2.6 (Quantitative Polynomial Szemerédi Theorem). Let § > 0 be
fixed, and let g : X — R obey the pointwise bounds

0<g=1

(i.e., 0 < g(x) < 1forallx € X), as well as the integral lower bound fxg >§—o(1).
Then we have

A(gs ... sg) Z C((S) - 0(1)

where ¢(8) > 0 depends only on §, k, and Py, ..., Py.

Proof. See [19, Theorem 3.2]. In that theorem, the common value P;(0) = ... =
P (0) of the P; was assumed to be zero, but the general case follows from this case
by a simple change of variables.

This theorem cannot be directly applied to control A(f,...,f), because f is
not uniformly bounded. However, Theorem 1.5 will now be a consequence of the
following claim.

Theorem 2.7 (Approximation by Bounded Function). Suppose that ¢y > 0 is
sufficiently small (depending on k, Py, . .., Py). Let € > 0 be fixed. Suppose that L is
a fixed quantity which is sufficiently large depending on k, P1, . .., Py, &, €. Let f be
as in (2). Then there exists g : X — R with the pointwise bounds

0<g=1,
such that
/f—/g’«s—i—o(l) @)
X X
and
|A(f,....[)— Alg,...,9)| € e+ o(1), ®)

where the implied constants in the < notation do not depend on ¢ or L.

Let us assume Theorem 2.7 for now, and see how it implies Theorem 1.5. Let
€9 > 0 be small enough for Theorem 2.7 to apply, ¢ > 0 be a sufficiently small
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fixed quantity (depending on §, €p) to be chosen later, and let L be large enough
depending on k, Py, ..., Py, ¢, €y (in particular, L will depend on §). Let g be as in
Theorem 2.7, let M be defined by (4), and A defined by (6) (in particular, A depends
on L). From (3), (7), and the triangle inequality we have

/g>>1
X

if & is small enough depending on €y, §. Applying Theorem 2.6, we have
A(g,....8) > co—o(1)

for some ¢y > 0 depending on €y, § but not on ¢, L. By (8) and the triangle inequality,
we thus have

Alf,....f)>0

if £ is small enough (depending on ¢(, §) and N is large enough, contradicting (5);
and Theorem 1.5 follows.

It remains to establish Theorem 2.7. This is the focus of the remaining sections
of the paper.

Remark 2.3. The above arguments show that if one could remove the dependence
of L on ¢ in Theorem 2.7, then one could also remove the dependence of L on § in
Theorem 1.5.

3 The Enveloping Sieve
As in [10, 19], we view f as a “positive density fraction” of a well-controlled
enveloping sieve v, which is defined by the explicit formula

2

d
e e P
d|Wn+b

for n € [N], where
R := N°, ©)

W is the Mobius function, and y : R — Ris a fixed smooth even function supported
on [—1, 1] with the normalization

1
/ K OF di=1
0
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(where y’ is the derivative of y) and such that y(0) > 1/2 (say). By construction
and (2), we have the pointwise bound

0<f=v, (10)

that is to say that 0 < f(n) < v(n) foralln € X.
From [19, Corollary 10.5] we have the crude bound

J
/HThfv=1+o(l)+0 Exp[o| > > }7 (11)
X

j=1 1=j</' <J w<p<RgR:p|hj—hy

for any fixed J and any integers h,,...,h; = O(~/N) (not necessarily distinct),
assuming that € is sufficiently small depending on J, and where Exp(x) := &' — 1,
where the implied constant in the O() exponent only depends on J. Here, of course,
we use p|n to denote the assertion that p divides n. In particular, we have the mean
bound

/v =140(1) (12)
X
and the crude bound

/ Thy ... Ty < 1og® V' N (13)
X

for any fixed J and any integers A, ..., h; = O(«/]V) (not necessarily distinct),
assuming € is sufficiently small depending on J, and where the implied constant in
the O(1) exponent depends only on J.

One can use (11) to establish the following fundamental pseudorandomness
property:

Proposition 3.3 (Polynomial Forms Condition). Ler J,d, D > 1 be fixed natural
numbers. Suppose that € is sufficiently small depending on J,d, D, and that L is
sufficiently large depending on J,d,D. Then for any polynomials Qi,...,Q; €
Z[my,...,my] of degree at most D, with coefficients of size O(W°W), and with
Qj — Qy non-constant for every 1 < j < j < d, and any convex body 2 €
[—M?, M?)? of inradius® at least H'/?, we have the asymptotic

J
Bucora | []79% =1+ o) (14)

X

4The inradius of a convex body is the radius of the largest open ball one can inscribe inside the
body.
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This proposition was established in [19, Theorem 3.18] in the case when M is
a small power of N; the point is that M can be lowered to essentially log’ N for
some large L. However, note that the number J of polynomials involved cannot be
arbitrarily large depending on €. The main obstruction to reducing the size of the
coarse scale M is that we need the “diagonal” contributions to (14) (such as those
coming from the terms where one of the Q;(h) vanishes) to be negligible when
compared to the remaining terms. The sieve v (or powers thereof, such as v?) tends
to have size log?" N on the average, and using this one expects to control diagonal
contributions to (14) by something like log®" N/M, which will be negligible when
M is a sufficiently large power of log V.

Proof. We repeat the arguments from [19, §11]. For each h, we see from (11) that

J
/HTQf<h>v:1+o(1)+0 Bp(of D 2 l
X

J=1 1<j<j <] w<p=RleR:p|0;(h)—Qy (h)

Thus it suffices to show that

Eneonze Exp | O Z Z = o(1).

15j<' <J w<p<RV=R:p|0;(h)—Qy (h)

Using the elementary bound Exp(a+b) < Exp(2a)+Exp(2b) repeatedly, it suffices
to show that

1
Eneenze Exp | O Z -] =o).
w=p=R°¢R:p|Q;(h)—Qy (h)

foreachl <j<j=<d.

We first dispose of the “globally bad” primes, in which p divides the entire
polynomial Q; — Qy. As Q; — Qy is non-constant and has coefficients O(W°W),
we see that the product of all such primes is O(W°(). In [19, Lemma E.3], it is
shown that

1
> —=o(1)
pzw:plnp

for any n = O(WPW). Thus the contribution of such primes in the above sum is
negligible.
In [19, Lemma E.1], it is shown that

0(1)p

Exp | O Zl <<Z10g
pGAp PEA
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for any set A of primes. Thus it suffices to show that

IOgO(l)p
———Eheanze1pigm-0; mplo—o, = o(1).

w<p<Rloek

From [19, Lemma D.3], we conclude that if p does not divide Q; — Q/, then the
average 1,/g,m)— 0 (h) ON any cube in Z4 of sidelength 1 < K < p is 0( ). By [19,
Corollary C.2], [19 Lemma C.4] and the inradius hypothesis we then have

E 1 Lt
he2nzd Lpiy—ny <K > + .

Thus we reduce to showing that
o) p

1
Z ng_z

w<p=<Rlogk

+H"

log®®
1208 P _ o(1),
p

but this follows easily from Mertens’ theorem (or the prime number theorem) and
the definition of M and w, if L is large enough.

4 Averaged Local Gowers Norms

As in [19], we will control the left-hand side of (8) using some local Gowers norms,
which we now define. Given any d > 2 and integers ay, . . ., a4 and any scale S > 1,
we define the local Gowers uniformity norms Ug" " by the formula

15
l_[ Tmﬁwl)m-i- +m(wd) f (5)

(@1,....0q)€{0,1}4

for f : X — R. Next, for any + > 2 and any d-tuple Q = (Qi,...,Qq) of
polynomials Q; € Z[hy, ..., h,, W] in 7 + 1 variables, we define the averaged local

H]' W)

Gowers uniformity norms US([ on functions f : X — R by the formula

24 . 24
”f”U;)([H]KW) = Ehe[H]'lV”USQl(h.W) ..... 04 W)+ (16)

These are indeed norms; see [19, Appendix A]. One can extend these norms
to complex-valued functions by inserting an alternating sequence of conjugation
symbols in the product, but we will not need to use such an extension here. We
remark that these expressions may also be defined for d = 1, but are merely
seminorms instead of norms in that case.
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From the Gowers—Cauchy—Schwarz inequality (see, e.g., [11, Appendix B]) and
Holder’s inequality, we record the useful inequality

(@) (@a)
myart..+mg Caq
Em(lo) ..... mfio),m(ll) ..... mfil)E[S] /X l_[ T fa)
we{0,1}4 (17)
zd
< |1 (I
we{0,1}4
for any functions f,, : X — R for w € {0, 1}d where we write o := (w1, ..., wy).

In a similar spirit, we have the following basic inequality:

Theorem 4.8 (Polynomial Generalized von Neumann Theorem). Suppose that
€0 > 0 is a fixed quantity which is sufficiently small depending on k, Py, ..., Py,
and that L is a fixed quantity which is sufficiently large depending on k, Py, . . ., Py.
Then there exists fixed t > 0,d > 2 and a fixed d-tuple Q = (Q1,...,Qq) of
polynomials Q; € Z[hy, ..., h, W], none of which are identically zero, and which
are independent of €y, L, such that one has the inequality

A 0] < i, el o + o)

for some fixed ¢ > 0 and all gy,...,8r : X — R obeying the pointwise bound
lgil <v+1foralli=1,...,d.

Proof. This is essentially [19, Theorem 4.5] (which was proven by a combination
of PET induction, the Cauchy-Schwarz inequality, and the polynomial forms
condition), with the only difference being that H and M are now polylogarithmic
in N, rather than polynomial in N. However, an inspection of the proof of [19,
Theorem 4.5] shows that this does not affect the arguments (after replacing the
polynomial forms condition used there with Proposition 3.3, of course); the key
relationships between H, M, N that are used in the proof are that (HW)°) /M =
o(M) and that (HWM)°?®D = o(4/N), where the implied constants depend only on
k,P1,...,P; (and in particular are independent of ¢y, L), and these properties are
certainly obeyed for the choice of H and M used here. (The bound (13) is sufficient
to deal with all the error terms arising from use of the van der Corput inequality in
this regime.)

Setting g» = ... = g = 1, we obtain in particular that

o

(In fact, one can take ¢ = 1 in this inequality by the standard monotonicity
properties of the Gowers norms, see [19, Lemma A.3], but we will not need this
improvement here.)

< gt ||ZQ([H]I,W) +o(1).
N
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In view of this theorem, Theorem 2.7 is now a consequence of the following
claim (after replacing & with £°):

Theorem 4.9 (Approximation by Bounded Function, Again). Let d > 2 and
t > 0 be fixed, and let Q = (Qy,...,0Q4) be a fixed d-tuple of polynomials
Q; € Zhy,...,h, W], not identically zero. Let ¢y > 0 be a fixed quantity that
is sufficiently small depending on d,t,Q. Let ¢ > 0 be fixed, and let L be a fixed
quantity that is sufficiently large depending on d, t, Q, €y, €. Let v be as above, and
let f : X — R obey the pointwise bound

0<f=v.
Then there exists g : X — R with the pointwise bound
0=g=1,
such that

If =&l jewrwm <&+ o(1). (18)
S

It remains to establish Theorem 4.9. This is the objective of the remaining
sections of the paper.

Remark 4.4. As before, if one could remove the dependence of L on ¢ in Theo-
rem 4.9, then one could remove the dependence of L on § in Theorem 1.5. Also, from
this point on the number k of polynomials Py, . .., Py in Theorem 1.5 no longer plays
arole, and we will use the symbol & to denote other (unrelated) natural numbers.

5 The Dense Model Theorem

Let d,t,Q be as in Theorem 4.9. The averaged local Gowers norm |[f||UQ([H]tVW) of a
M
function f : X — R can then be expressed by the identity

Wllz‘oqﬂ " / fof (19)
h : _ QUHI'W) :
where the dual function 9f = 9 N f : X = Ris defined by the formula
‘@f = Ehe[H]’Emgo) ..... mi,o).mgl) ..... mi,])e[\/M]
1_[ TZZ'I=1 (" —m)0: () ¥ (20)

(@1,...,0q)€{0,1}4\{0}4
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More generally, we define

I1 TE =i =m0 1)

(@1...0a) €{0,1}9\ {0}

for any tuple of functions f,, : X — R for w € {0, 1}4\{0}".

Theorem 4.9 is then an immediate consequence of combining the following two
theorems (with the function f appearing in Theorem 5.11 being replaced by the
function f — g appearing in Theorem 5.10).

Theorem 5.10 (Weak Approximation by Bounded Function). Let d > 2 and
t > 0 be fixed, and let Q = (Qy,...,0Q4) be a fixed d-tuple of polynomials
Q; € Zlhy,..., h, W], not identically zero. Let €y > 0 be a fixed quantity that
is sufficiently small depending on d,t,Q. Let ¢ > 0 be fixed, and let L be a fixed
quantity that is sufficiently large depending on d, t,Q, €y, €. Let v be as above, and
let f : X — R obey the pointwise bound

0<f=w
Then there exists g : X — R with the pointwise bound
0=g=1,

such that
‘/(f— D (Fy)pefonyi\foy| K &+ o(1) (22)
X

for all functions F,, : X — R for o € {0,1}\{0}¢ with the pointwise bounds
—1<F, <1

Theorem 5.11 (Densification). Ler d > 2 and t > 0 be fixed, and let Q =
(Q1,...,0y) be a fixed d-tuple of polynomials Q; € Z[hy, ..., h, W], not identi-
cally zero. Let €y > 0 be a fixed quantity that is sufficiently small depending on
d,t,Q. Let ¢ > 0 be fixed, and let L be a fixed quantity that is sufficiently large
depending on d,t,Q, €. Let v be as above, and let f : X — R obey the pointwise
bound

fl<v+1,

and suppose that

/f@(Fw)we{o.l}d\{o}d K e+o(l) (23)
X
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for all functions F,, : X — R with the pointwise bounds —1 < F, < 1. Then we
have

IfIl o wm <K &+ o(1)
N

for some fixed ¢ > 0 (independent of ¢).

We prove Theorem 5.10 in this section, and Theorem 5.11 in the next section.

To prove Theorem 5.10, we invoke the dense model theorem, first established
implicitly in [10] and then made more explicit in [9, 16, 19]. We use the formulation
from [16, Theorem 1.1]:

Theorem 5.12 (Dense Model Theorem). For every ¢ > 0, there is K = (1/g)°1)
and & > 0 such that, whenever % is a set of bounded functions from X to [—1, 1],
and v : X — R obeys the bound

|/(l)—1)F1...FK/| 58/
X

forall0 < K' < Kand Fy,...,Fx € %, and every function f : X — R with
0 <f <, one has a function g : X — [0, 1] such that

|Lv—@ﬂ58

forall F € #.
This reduces Theorem 5.10 to the following calculation:

Theorem 5.13 (Orthogonality to Dual Functions). Letd > 2 and t > 0 be fixed,
and let Q = (Qy, ..., Q) be a fixed d-tuple of polynomials Q; € Z[hy, ..., h;, W],
not identically zero. Let ¢g > 0 be a fixed quantity that is sufficiently small
depending on d,t,Q. Let K > 0 be a fixed integer, and let L be a fixed quantity
that is sufficiently large depending on d, t, Q, €, K. Let v be as above. Then one has

K
./X(V -1 H D (Frow)weto.n\ {0y = o(1) (24)
k=1

for all functions Fy, : X — R fork = 1,....K, o € {0,1}\{0}¢ with the
pointwise bounds —1 < Fj,, < 1.

Remark 5.5. The fact that L depends on K here is the sole reason why L depends on
8 in Theorem 1.5 (note that no parameter related to § or K appears in Theorem 5.11).
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We now prove Theorem 5.13. Let d, ¢, Q, €o, K, L, v, F}, be as in that theorem.
We expand out the left-hand side of (24) as the average of

/(V DE @ e[ /MVi=T1.... =1,...K;0=0,1

I1 l—[ T e -mhemo g

(@1,....00) €{0,1}\{0}4 k=1

(25)

as hy, ..., hg ranges over [H]'.

We first deal with the degenerate cases in which Q;(h;) = 0 for some i, k. By
the Schwarz—Zippel lemma (see, e.g., [19, Lemma D.3]), the number of tuples
(hy, ..., hg) with this degeneracy is O(HX~!). Meanwhile, from (12) and the
boundedness of the Fy 4, each expression (25) is O(1). Thus the total contribution
of this case is O(H ™), which is acceptable.

It thus suffices to show that the expression (25) is o(1) uniformly for all
h, ..., hg with none of the Q;(hy) vanishing.

The next step is to “clear denominators” (as in [19]). Fix hy, ..., hg, and write
D; := [Ir_,1Qi(hy)| for i = 1,...,d. Then we have 1 < D; < O(HW)?®), and
we can write

D; = Qi(hy)riy

foreachi=1,...,d,k=1,...,K, and some r;; = O(HW)°®),
Let n(o) .. nf,o),nﬁl) ... (1) be elements of [M'/*]. Then if we shift each

()

variable m; k) by rin; ’, we can rewrlte (25) as

A(V - 1)Emﬁ)e[«/ﬁi/l]frivkn?w)\ﬁ=l ..... d;k=1,....K;0=0,1
(26)

d (wl )_ (0) (w;) _(0)
H l_[ TXi=10m )Qi(he)+(n;  —n; )DiFk,w~
(@1,....0a) €{0,1}9\{0}¢ k=1

The shifted interval [«/M]—r,-_knfw) differs from [+/M] by shifts by a set of cardinality
OM'*(HW)?®)), and so by (13) one can replace the former by the latter after
accepting an additive error of O((log® "V N)M'/*(HW)°(") / /M), where the implied
constants in the exponents depend on K. It is at this point that we crucially use the
hypothesis that L be large compared with K, to ensure that this error is still o(1).
Thus (26) can be written as

Jx(v—DE m@ e[ VMVi=1....dk=1,...K;0=0,1

((vz (0) (he)+ (w;) _ (0) D;
Meon..onetonyn oy LTz, TZ=1 0 =m0+ 0; i

+o(1).
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Averaging over all such nl@, we obtain

d;k=1,....K;0=0,1 IX(U - I)Engo) n(do),n(ll) n‘(il)E[Ml/“]

Em§§)e[m]Vi=1 ..........

yenes

K )~ )0 )+ (1 =)D,
l_[(a)l .... (0.4 (0} Hk=1 T2i=1 (mig”—m; ) Qi) +(n™ —n; ) Fro

+o(1).

Shifting the integral [, by YU (n”)D; and then using the Gowers—
Cauchy-Schwarz inequality (17) (and the boundedness of the functions

i @) 0
M, = )it 7 ), we may bound this by

i=10m"—m;
v — 1”UD1'””D‘I + o(1).
/4

But from expanding out the Gowers norm (15) and using Proposition 3.3 to estimate
the resulting 22! terms (cf. [10, Lemma 5.2]), we see that

d
v =115, o, = o(1) @7
Ml/4

and Theorem 5.13 follows.

6 Densification

Now we prove Theorem 5.11. It will suffice to establish the following claim.

Proposition 6.4. Let the notation and hypotheses be as in Theorem 5.11. Then one
has

(1) (wg)
EhE[H]ZEm(IO),..A,m(,o).mgl),..A,tn(,l)G[«/M]/ 1_[ 7m Qi)+ tmy Qd(h)fw
‘ ‘ X wef0,1}4 (28)

< &+ o(1)

Sfor some fixed ¢ > 0 (independent of &), whenever (f,,) ,e(0.13¢ I a tuple of functions
fo : X > R(withw := (wy, . ..,wg)), such that one of the f,, is equal to f, and each
of the remaining functions f,, in the tuple either obey the pointwise bound |f,| < 1
or |fy| < v.

Indeed, given the above proposition, then by triangle inequality and decomposi-
tion we may replace the bounds |f,,| < 1 or |f,,| < v with |f,| < v + 1, and then by
setting f,, = f for every w and using (19), we obtain the claim.
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It remains to prove the proposition. We induct on the number of factors f,, for
which one has the bound |f,,| < v instead of |f,,| < 1. First suppose that there are
no such factors, thus |f,,| < 1 for all w except for one w, for which f,, = f. By
permuting the cube {0, 1}, we may assume that it is f{p« that is equal to f, with
all other f,, bounded in magnitude by 1. But then the expression in (28) may be
rewritten as

/f@(fw)we{o,l}d\{o}s
X

and the claim follows from the hypothesis (23).

Now suppose that at least one of the f,, (other than the one equal to f) is bounded
in magnitude by v rather than 1. By permuting the cube we may assume that |f{a| <
v. We then write the left-hand side of (28) as

/ﬁo}d @f
X

where f := (f,,) ye0.132\(0}- By Cauchy—Schwarz, it thus suffices to show that

/};v(@f)2 K e+ o0(1)
for some fixed ¢ > 0. We will split this into two estimates,

[ = D@l = o) 29)
and

/X (21)> < & +o(1). (30)

We set aside (29) for now and work on (30). Bounding all the components of f in
magnitude by v + 1 and using Proposition 3.3, we see that

/(_@f)4 <1,
X

so by Holder’s inequality, it suffices to show that

/ |21 < &+ o(1)
X
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(for a possibly different fixed ¢ > 0). It thus suffices to show that
|/g9f| L & +o(l)
X

whenever g : X — R is such that |g| < 1. But this expression is of the form (28)
with fi, replaced by g, and the claim then follows from the induction hypothesis.
It thus remains to show (29). We can rewrite

(gf)Z — gQiQ([H]tW)fz

i
where Q @ Q is the 2d-tuple

Q®Q:(le-“st’le-"st)

and f; = (f2.0)we(o0.1324\ {0}« 15 defined by setting

Srosioy = fo

and

fz.{o}deaw =fo

for w € {0, 139\{0}¢, and

frogw =1

for w, " € {0,1}%\{0}¢. Applying the Gowers—Cauchy—Schwarz inequality (17),
we may thus bound the left-hand side of (29) by

2
v =11 e@amr.m 1_[ IIfoo l L QBQUHI W) -
VM wef0,139\{0} Vi

Bounding f,, by v or 1 and using Proposition 3.3, we can bound
Ifooll ooy K'1
Vi
and further application of Proposition 3.3 (cf. (27)) gives
v =11 e@aq.m = o(1)
v

and the claim follows.
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7 The Linear Case

We now explain why in the linear case P; = (i — 1)m of Theorem 1.5, one may
take L to be independent of §. In the linear case, one can replace the averaged

local Gowers norm U%I]”W) in Theorem 4.8 with the simpler norm U i}'ll, where 1

appears d = k— 1 times; this follows by repeating the proof of [10, Proposition 5.3],
after replacing some global averages with local ones. (In fact one could replace v/M
here by M'~° for any fixed o > 0.) As such, we can ignore the H parameter and the
h averaging, and just prove Theorem 5.13 in the case when O = ... = Q; = 1.
Here, the “clearing denominators” step is unnecessary, and so L does not need to be
large depending on K, which by Remark 5.5 ensures that the final L is independent
of 6.

Remark 7.6. A more careful accounting of exponents (in particular, replacing (11)
with a more precise asymptotic involving a singular series similar to that in (1))
allows one to take L as small as Ck2* for some absolute constant C; we omit the
details.
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